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Introduction

Morse theory is responsible for many surprising results in geometry and topology. Cleverly
chosen Morse functions on concrete manifolds have revealed rich inner structure of those
manifolds. Topological applications rely on Morse functions with relatively few critical points.
Motivated by questions of the late great V. I. Arnold I became interested in a question that
can be loosely formulated as follows: how complex can the Morse functions be?






Notation and
conventions

We set N :=Z~o, Npo:=Z>o.

For n € N we set I, := {1,2,...,n}.

For n € N we denote by &,, the group of permutations of I,,.
We set Ry := [0, 00).

For x € R we set |z] := maxZ N (—oo,z|, [z] :=minZ N [z, c0).
x Ay :=min(z,y), z Vy = max(x,y).

i:=+—1

If X is a finite dimensional Euclidean space, we denote by Sym(X) the space of
symmetric operators X — X.

Given an ambient set Q2 and a subset A C 2 we denote by I4 : @ — {0,1} the
indicator function of A,

1, weA,
IA(W):{O Y

Given a subset A of a set 2 we denote by A¢ its complement (in 2).

For any set  we denote by 2% the collection of all the subsets of €.

For any set €2 we denote by 28 the collection of all the finite subsets of 2.
We will denote by |S| or #5S the cardinality of a set S.

If T' is a topological space, then we denote by B the o-algebra of Borel subsets of
T.

We denote by A the standard Lebesgue measure on R and by A, the standard
Lebesgue measure on R™.
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iv Notation and conventions

e We denote by w,, the volume of the unit ball in R™ and by o,_1 the “area” of the
unit ((n — 1)-dimensional) sphere in R".
1 or(1/2)»  2x™/?
Wnp = Ean—lv On-1= =

L(n/2) — T(n/2)’
The probabilistic notations are those in [118].

A measurable space is a pair (2,8), where § a sigma-algebra of subsets of the set . A
measured space is a triplet (€2, 8, i), where (w,]8) is a measurable space and p : 8 — [0, 00]
is a measure.

If & :(Qo,,80) — (21,81) is a measurable map between measurable spaces and pg is a
measure on 8g, then the pushforward of o by ® is the measure @419 on 81 defined by

Dupio[S1] = po[@7H(SY) ], VS € 8y
Also, we will often use the notation
{@e s }=0""(%).
The probability spaces are measured spaces (£2,8,P), such that IP’[Q] = 1.

Most of the time we will stick to the convention to capitalize the names of random
variables. The expectation of a random variable X is denoted by E[X } The conditional
expectation of Y given X is denoted by E[ Y || X |. If Y is valued in a finite dimensional vector
space Y and X in a finite dimensional vector space X, then there exists a Borel measurable
map F : X — Y such that F(X) =E[Y || X ]. We set

E[Y|X =z] :=F(x).

The distribution of a random variable X : (©2,8,P) — X, X finite dimensional vector space,
is denoted by Px and it is the pushforward of P by X, Px = XxP. More explicitly

Px[B] =P[{X € B}], VB € Bx.

Let V be a finite dimensional real vector space. The Euclidean topology on V is the topology
defined by a norm on V. Since all the norms on V are equivalent, the Euclidean topology is
well defined. Denote by %y the sigma-algebra of Borel subsets of V, i.e., the sigma-algebra
generated by the subsets open in the Euclidean topology. We denote by Prob(V') the set of
Borel probability measures on V. We let (—, —) denote the natural pairing between a vector
space and its dual

(—,—): V"XV =R, ({v)=¢&©).

If H is a Hilbert space with inner product (—, —)g then the Gramian matrix determined by
the vectors z1,...,xxy € H is the N x N matrix
G(x1,...,oN) = ( (i, 5)H )1§i,jSN'

Given a topological space X and a vector space V we denote by V x the product bundle over
X with fiber V.
Vi=(VxX—=X).
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Chapter 1

(Gaussian measures and
Gaussian fields

The random functions we consider in this book are Gaussian. Most of the time they are de-
scribed by Fourier/eigenfunction series with coefficients independent normal variables. Since
we are interested mostly in geometric questions it is important to have coordinate free de-
scription of basic facts of Gaussian analysis.

1.1. Gaussian measures

1.1.1. Finite dimensional Gaussian measures and vectors.

Definition 1.1.1. Let m € R and any v > 0. The Gaussian measure on R with mean m
and variance v is the measure I' = Iy, , € Prob(R) given by

1 (;cf'm)2 1 (w77n)2
r de | = e o)A dx |, Tpo(z)= e 2,
m,v[ ] o 'Ym,v( ) [ ] mw () o
where A denotes the Lebesgue measure on R. O

It is not hard to observe that, as v \ 0, the measure I';,, , converges weakly to ¢,,, the
Dirac measure concentrated at m. For this reason we will refer to ¢,, as the Gaussian measure
of mean m and variance 0, and we set I';, o := d,,. Observe that for any m € R and any
v > 0 we have

/erm,v [dz] = m, /R(x M)y, [de] = .

A Gaussian measure on R is called nondegenerate if it is absolutely continuous with respect to
the Lebesgue measure A. Equivalently, the Gaussian measure is nondegenerate iff its variance
is nonzero. For v > 0 we set

ry,:= Fm:O,v'

For any ¢ € R we denote by R, the rescaling map R. : R — R, R.(x) = cx. A simple
computation shows that
(Re)¢Ty =T, VeeR, ,v>0. (1.1.1)

1



2 1. Gaussian measures and Gaussian fields

The measure I'y is called the canonical Gaussian measure on R. The ratio
Fl [ ('T7 OO) ]

71 ()
is called the Mills ratio and it satisfies the Mills ratio inequalities [19]

, x>0

%Hvl(x) <T[(z,00)] < %71(@, Vo > 0, (1.1.2)

The Fourier transform of a Borel probability measure 1 on R is the function
p:R—=C, u(t)= / eim,u,[da;].
R
Lévy’s theorem shows that a sequence (g, )nen of probability measures on R converges weakly

to a probability measure p if and only if

lim fin(t) = fi(t), Vt € R.

n—oo

We have

~

T,o(t) = #0012 vy e R, (1.1.3)

Proposition 1.1.2. Suppose that the sequence (fin)nen of Gaussian measures on R converges
weakly to a probability measure p. Then p is Gaussian and

lim mp,] =m(p], lim vlp,] = v[y]

n—o0 n—oo

where m[—] and v[—] denote the mean and respectively the variance of a Gaussian measure.

Proof. Set m,, = m[uy], v, = v[py]. Let us first prove that the sequence (my, )nen is bounded.

We argue by contradiction. Then a subsequence converges to £oo. For simplicity we
assume my — oo. (The case m, — —oo is dealt with in a similar fashion.). Then

fin [ (—00,mp] | = %, Vn.

Fix ¢ € R such that
[ (=00, ] >% and i [ (=00, c] ] = p[ (—o0,d]]. (1.1.4)

There exists N = N(c¢) such that, Vn > N m,, > ¢. We deduce that for any n > N(c).
1

5 = tn[ (=00,mu]] = pia[ (—00,d]].

Letting n — oo we deduce

N

M[(_OO’CH = lim Mn[(_oo7c]] <

n—o0
This contradicts the choice (1.1.4). Hence the sequence (m,,) is bounded.

Next, we prove that the sequence v, is also bounded. Indeed, if it were not bounded,
then lim sup v, = co. Observe that for any a < b we have

1 b @mn)? 1 b b
M[(a)b)]:m/e 2vn d$< da}<( a)




1.1. Gaussian measures 3

The Portmanteau Theorem implies that Va < b

. .. o(b—a)
0 < pf(a,b)] Shﬁggfﬂn[(a,b)] < lim inf 0.

n—00 2Ty, -
This is impossible.

Hence on a subsequence nj we have m,, — m € R, v,, — v € [0,00). Hence, Vt € R,

~ .~ 1.1.3) .. , _ony t? N
M(t)(f) = lim Fn, (t) ( = ) lim eimnit ’2‘ — tmt ; ‘
k—ro00 k—o00

Hence 1 = fm,v- This proves that p is also Gaussian. Moreover, we proved that any subse-
quence of (f1,,) contains a sub-subsequence (ji,,) such that m[uy,,] and v[u,,] converge to Mmoo
and respectively vso. Since fin; converges weakly to mu = I, , we deduce 'y, p, = Ty oo -
This proves

mlpn) — mlul, vlpn] — vlp].
O

Proposition 1.1.3. The space of polynomials in one variable with real coefficients is dense
in L?(R,T)

Proof. We follow the elegant argument in [94, Sec.V.1.3]. It suffices to show that if f € L?(R,T)
and

/ f(m)x”F[daz] =0, vYn=0,1,2,...
R
then f = 0 I'-a.s.. Observe that

/ 2|*e"T[dx] < 0o, VtER, Vn>0.
R

Since (|z|*e! )2 = |z|**e%® we deduce that for any t € R any a > 0 the function x ~ |z|%e!®
is in L2(R, T).
For z =t + s € C we set

F(z) :—/Rei”f(x)I‘[dx].

The above discussion shows that F'(z) is well defined and z — F(z) is an entire function.
Moreover

F(”)(O):i"/f(x):z”I‘[da:] =0, ¥n=0,1,....
R

We deduce from unique continuation that F' is identically zero. In turn, this implies that f
is a.s. 0 since an L? function is uniquely determined by. O

Proposition 1.1.4 (Gaussian integration by parts). Suppose that f,g € C1(R) and there
exists p > 0 such that
! / -p
sup (|f'(2)] + lg'(@)]) (1 + |2]) " < o0.
z€eR
Then

/f’(:v)g(x)dr[dx} = / f(a:)( —d'(z) —I—xg(x))I‘l[dx]. (1.1.5)
R R



4 1. Gaussian measures and Gaussian fields

Proof. For any L > 0 we have
1 L

L / / —z2/2
| r@aeria) = —= [ paaae

(integrate by parts)

1, a2 /o|7=L 1 [ d 2
= =@ - [ @) (sla)e )
—L/x z)e "/ oL : 2)(d () — zg(x))e =/
= =l @@ | \/E/Lf( )(9'(2) — zg(x) e /2

r=L

The equality (1.1.5) follows by letting L — oo. O

Definition 1.1.5. Suppose that (€2, 8,P) is a probability space. A random variable
X:(Q,8,P) =R

is called Gaussian if its distribution Px € Prob(R) is a Gaussian measure. Note that in
this case the mean and the variance of X coincide with the mean and variance of Px. The
random variable is called centered iff it has mean 0. It is called nondegenerate if its variance
is nonzero. O

If X is a Gaussian random variable with mean m and variance v, then its characteristic
function has the description.

. ~ . v 2
Ox(t) := B[ X ] = By (t) = eP™ 5.

In particular, this shows that the distribution of a Gaussian random variable is uniquely
determined by its mean and variance.

Remark 1.1.6. Note that if X,Y are independent Gaussian variables and a,b € R, then
aX + bY is also Gaussian since

iamxt—ia%)(]52 'L'myt—LUY)52
@AX_A'_bY(t) = @ax(t)q)by(t) =e€ 2 e 2

(a?v% + b2vy)t2>

= exp (i(amx + bmy)t — 5

The following result is a direct consequence of Proposition 1.1.2.

Proposition 1.1.7. Suppose (X,,)nen s a sequence of Gaussian random variables defined on
the same probability space, and X, converges in distribution to a random variable X. Then
X is also a Gaussian random variable and

E[X,] - E[X], Var[X,]|— Var[X].



1.1. Gaussian measures 5

Definition 1.1.5 has one @esthetic deficiency: it is not quite “coordinate free”. The next
results addresses this issue.

Theorem 1.1.8 (G. Polya). Suppose that X is a random variable. The following are equiv-
alent.
(i) The random variable X is centered Gaussian.
(i) If X,Y areiid., then X and %(X +Y') have the same distribution.
(iii) If X,Y areii.d., then for any 0 € [0,2x], the random variables (cos 0)X + (sin6)Y
have a distribution independent of 6.

O

The implications (i) = (iii) = (ii) immediate. The tricky implication is (ii) =
(i). For a proof we refer to [30, Thm. 3.1] or [148, Thm. 2.2.3].

The next characterization highlights the close connection between the concepts of Gauss-
ian random variables and the concept of independence. For a proof we refer to [59, Sec.XV.8].

Theorem 1.1.9 (Bernstein). Suppose that X,Y are independent random wvariables. The
following are equivalent.

(i) The variables X, Y are Gaussian.

(ii) The variables X +Y and X —Y are independent.

O

Corollary 1.1.10. Let X be a a random variable and Y an independent copy of it. Then
the following are equivalent.

(i) The random variable X is centered Gaussian.

(ii) The random vectors (X,Y) and (%(X +Y), %(X —Y)) have identical distribu-

tions.

O

Proposition 1.1.11. Suppose that X is a centered Gaussian random variable with variance
v = IE[X2 ] Then the following hold.

v)P/?
¥p € [1,00) E[|X|P] = (2\/); r(p;1>, (1.1.6)
E[etx] = /2, (1.1.7)
In particular,
E[| X |] = (2v/m)"2, (1.1.8)
VkeN, E[X* '] =0, E[X?*] =v"(2k - 1), (1.1.9)

where (2k — 1)!1:=1-3---(2k — 1).
Proof. Set Y := v~ 1/2X. Then Var [Y] =1 and
E[|XPP] =P PE[|[YP], E[eX] =E[eV"?].



6 1. Gaussian measures and Gaussian fields

We have

E[|[Y]] = / eV 2y = — vor / [ylPe "/ 2dy
(r=9/2,y=2r)
2 > dr 2 © p—1
= 2 )P/ 2e" :/ 2 —rd
\/%/0(” T e )y BT

9(p+1)/2 oo 9p/2 1
e / TPTH_le_rdT‘ 7F(p+ )
Vor Jo VT 2

E[|Y]|] = \/zm) = (2/m)"/2.

Since the distribution of X is symmetric we deduce

E[X?*71] =0, VkeN.

For p =1 we have

On the other hand,

t" 1 2 et2/2 w—1)* 2
E[Y"] =E[eY :/ety_y 1Ry = /e_ zdy =€ /2.
;n. (Y] =B[e"]= &= | V=" /. y

Hence

O

Definition 1.1.12. Let V be a finite dimensional real vector space space. A Borel probability
measure pu € Prob(V) is called Gaussian if for every linear functional £ € V*, the induced
random variable & : (V, By, u) — R is Gaussian with mean m,[] and variance v,[{], i.e.,

Pe[dz] =T, e 0. [ 2 ]-

The Gaussian measure p is called centered if m,[¢] = 0, V& € V*. We denote by Gauss(V)
the set of Gaussian measures on V' and by Gaussy(V') the subset of centered ones. O

Example 1.1.13. The Borel measure on R" given measure

_ )

1 ||
', =T ®..0T); = W@ 2 Al dw .z = Zazk,

is a Gaussian measure called the canonical Gaussian measure. Above }\[ — ] denotes the
canonical Lebesgue measure on R".

To see this consider the coordinate maps
Xl,...,Xn : R™ —)]R, XZ(.CCl,l'Z) = Z;.

We view the maps X; as a random variable defined on the probability space (R™, Bgn,I'y, ).
The measure 'y, is the joint distribution of X1, ..., X,,. In particular, these random variables
are independent standard Gaussian with mean 0 and variance one. Using Remark 1.1.6 we
deduce that for any £ € R" the random variable £1 X7 + - - - + £, X, is also Gaussian.



1.1. Gaussian measures 7

More generally, if U is finite dimensional real Euclidean space with inner product (—, —)
and associated norm || — ||, then
Ty [du] = (2m) "% e 2P Ay [ du ]
is a Gaussian measure called the canonical Gaussian measure associated to the metric. Above
Ay denotes the natural Lebesgue measure on U. More precisely,

Au = Ty

where T : R4mU _ UJ is any isometry.

To see this fix orthonormal coordinates u1,...,u, on U, n = dimU. In these coordinates
I’[du} = (2%)7%67%(“%+"'+“%)}\[dul .- 'dun] =TIy, [dul e dun].
a

Let p be a Gaussian measure on V. Note that the map V* > & — m,[¢] € R is linear
and hence it defines an element in the bidual

my, € V** := Hom(V*,R) = Hom (V*,R).

Since V is finite dimensional, the natural map J : V' — V** is an isomorphism we can identify
m,, € V** with an element of V' determined by by the equalities

(&my) =m,l¢], ¥, e V™.

mu:/vv,u[dv].

Define the covariance form C,, of the Gaussian measure u on V' to be the map

Cu: V' x V" =R, (§n) Cov [&n] =E,[(£—mlE])(n—mln)].

It is not hard to see C, is a nonnegative definite symmetric bilinear operator on V*.

Equivalently,

Definition 1.1.14. The Fourier transform of a measure p € Prob(V) is the function

BV € ) = B[] = [ 66l
O

Proposition 1.1.15. A Borel measure n on'V is a Gaussian measure on'V if and only if there
exists a vectorm € V and a symmetric nonnegative definite bilinear function C : V*xV* — R
such that

fi(€) = eem=30E0 | we ¢ v,

Proof. Indeed, suppose that y is Gaussian. Then, for any t € R, £ € V*,
. ) Zople]
A(tE) = B[ €] = Bg(t) = eitmlel="%%
Letting t = 1, we deduce
fi¢) = eimul€l=3Cu(.6)

Conversely, if
(¢) = ei<£7m>—%0(5,£)7
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then for any € in V* and ¢t € R we have

t2C(£.8)
2

e (t) = p(tE) = ™~

proving that £ is Gaussian with mean (£, m) and variance C'(,¢&). O

Corollary 1.1.16. A Gaussian measure on V is uniquely determined by its mean and co-
variance. Hence, we denote by I'y, ¢ the Gaussian measure with mean m and covariance

C.

Proof. Proposition 1.1.15 shows that the Fourier transform of a Gaussian measure is uniquely
determined by the mean and covariance, while the measure is uniquely determined by its
Fourier transform. O

Suppose that the vector space V' is equipped with an inner product (—,—). The inner
product induces an isomorphism

LV SV et (o) = (v,u), Yu,v e V.
Classically, this isomorphism is referred to as lowering the indices. Its inverse is given by
VRSV, (&) = (€0), YEEVH, €V

and it is classically referred to as raising the indices.

If i is a Gaussian measure on V', then its covariance form

Cp:VixV* =R
can be identified with a selfadjoint operator Var, : V' — V uniquely determined by the
equality
(u, Var, v) = C,(u*, v¥).

We will refer to Var, as the variance (operator) of the measure p.

Concretely, if (e;) is a basis of V' orthonormal with respect to the inner product (—, —),
then X =), X;e; an Var, is described in this basis by the symmetric matrix (v;;) where

vi; = Cu(Xi, X;) = Cov [ X;, X; |.

Note that the variance operator of the canonical Gaussian measure on V is 1y .
Remark 1.1.17. The variance operator defined above depends on the choice of inner product

whereas the covariance form does not. This aspect is important in geometric applications
and we want to discuss it in some details.

Let u be a centered Gaussian measure on the real vector space U of dimension N. Fix

two inner products on U,
(—,=)i :UxU—>R, i=0,1.

We denote by Var’ the variance operator of u defined in terms of the inner product (—, —);.
We want to relate Var’ and Var!.

Fix an isometry of Euclidean spaces T : (U, (—,—)1) — (U, (—, =)o) and set G = T*T.
Then (Tu,Tv )0 = (u,v)l and G : U — U is the unique operator that is symmetric and
positive definite with respect to inner product (—, —)o and satisfies

(u,v); = (Gu,v)o, (u,v)y= (Gilu,'v)l, Yu,v € U.
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Then for any v, w € U we have
(v vartw), = [ (v.u), (wu), ulu]

— /U (Gv,u)o(Gwvu)oﬂ[u] = (G’U,VaroGw)O = ('U,VarOGw)l.

We deduce that Var! = Var® G. O

Let V be a finite dimensional vector space. For vy € V we denote T, the translation
operator

Too 1 V=V, v v+ 0.
For any Gaussian measure p € ¢ (V') the pushforward (T,,)4u is a Gaussian measure with
mean Jy,m, = m, + v.

Suppose that Vp and V] are two finite dimensional vector spaces and pg is a Gaussian
probability measure on Vj. If A: Vy — Vi is a linear map, then we see that the pushforward
measure Aupg =: j1a is Gaussian on Vi with mean m,, = Am, and covariance form

Coy VXV 3R, O, (€1,m) = Cu(ATgy, Alny),
where AT : Vj* — V' is the adjoint of A defined by
(AT€1,v0) = (&1, Avg), Yo € Vo, & € V7.
Indeed, let & € V¥, then (§1)gpa = (§1)p#(Ag)p = (&1 0 A)»p and observe that
E10A=Al¢ e V.
Hence,
Pey = Linjacy] cuater .t 1d2]
Remark 1.1.18. Suppose that Uy, U are Euclidean spaces and u € 4(Uy). f A: Uy — U,
is a linear operator then the variance operator of us = Ayp is

Var,, = AVar, A" :U; — U;. (1.1.10)

In particular, if C' : Uy — Uy is a symmetric, nonnegative operator and C'/2 denotes
its nonnegative square root, then the probability measure I'¢c := (Cl/ 2)#FU0 is Gaussian,
centered and its variance is C. We deduce that for any ug € U the pushforward of I'yy, via
the affine map ‘J'uOCl/ 2 is a Gaussian measure with variance C' and mean ug. Thus, for any
symmetric nonnegative operator C on Uy, and any m € U, there exists a unique Gaussian
measure 4 on Ug with mean m and variance C. We denote it by I';, . More precisely,

Ym,c = (Tm 0 \@)#FUO. |

Definition 1.1.19. Let V be a finite dimensional vector space and p a Gaussian measure
on V. We say that p is nondegenerate if u[(()] = 0, for any open subset O C V. O

Proposition 1.1.20. Let V' be a finite dimensional vector space and p € G(V') the following
are equivalent.

(i) The measure p is nondegenerate.
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(ii) The covariance form C,, is nondegenerate , i.e.,

Cu(&n) =0, VeV '«<¢=0.

Proof. Clearly it suffices to consider only centered Gaussian measures. Fix an inner product
on V so we can identify C), with a symmetric operator C': V' — V. Set n = dim V" and fix
an orthonormal basis of V' that diagonalizes C,

C = Diag(A1, ..., A\n)-
Using this basis we identify V isometrically with R™. We have
p=(C?)yl, = (C)y(T1@---aTy)

(1.1.1)
= ((R)#l1) @ @ ((R5)xl1) = Th ®--Ty,.
We see that
p is nondegenerate <= [ [ \i # 0<=C' is invertibe.

7

O

Remark 1.1.21. Suppose that p is centered Gaussian measure on the Euclidean space U
with inner product (—, —). Denote by C' the variance operator of p, C € Sym(U). The proof
of Proposition 1.1.20 shows that the measure p is supported on (ker C)*, i.e., u[(‘)} =0, for
any open subset in U \ (ker C)*.

The argument used in the proof of Proposition 1.1.20 shows that if x4 is nondegenerate and
thus C is invertible, then p is absolutely continuous with respect to the Lebesgue measure

Ay and
pldu] = _ _%(Cilu’u))\u[du]. 0

\/det(QWC)e

Proposition 1.1.22. Let U be a finite dimensional Euclidean vector space with inner product
(=, —). Suppose that (pn)nen @ sequence of Gaussian measures on U. We set my, := m[u,],
Cy, = Var,, . The following are equivalent.

(i) The sequence () converges weakly to a probability measure fis.
(ii) The sequences (my,) and (Cy,) converge.

(iii) The sequence (u,) converges weakly to a Gaussian measure fisc.

Proof. Clearly (iii) = (i). Note that if m,, = m and C,, = C, then u, =T, ¢,

Lévy’s theorem implies that the sequence (uy) converges weakly to I'y, ¢. Thus (ii) = (iii)
so it suffices to prove (i) = (ii).
Condition (i) implies that
[in(§) = B(§), V& e V™

For any £ € U™ the Fourier transform of the measure &4 puy, is

Ext, (1) = Fin(tE) — MA(tE) = Expu(tE).



1.1. Gaussian measures 11

Proposition 1.1.2 implies that {4 is Gaussian and
mn[§n] = mlE], val€] = v[E].

Definition 1.1.23. Let V be a finite dimensional real vector space.

(i) A random vector Z : (Q,8,P) — V is called Gaussian if its distribution Py is
a Gaussian measure on V. The covariance form of Z, denoted by Covy is the
covariance form of its distribution.

(ii) The Gaussian vector Z is called centered, respectively nondegenerate if its distri-
bution is such.

(iii) The real valued random variables (Xi,...,X,) are said to be jointly Gaussian if
the random vector (X7, ...,X,) is Gaussian.

g
Remark 1.1.24. (a) The Covy is a bilinear form on V*. Identifying (V*)* with V in the

canonical fashion we can view Covyz as an element of V' ® V. As such, it can be given the
more compact geometric description

Covz =E[Z®@Z]-E[Z]|®E[Z].

(b) If V is equipped with an inner product, then we can identify Covy with a symmetric,
nonnegative operator Var [X ] uniquely determined by the equalities

(Ul,Var [X]vg) = Cov [v%(X),v%(X)], Yui,v9 € V.
Moreover, if €1, ..., e, is an orthonormal basis of V', then we can write
n
Z =Y Zei, ZcL*(Q8,P)
i=1

and the variance operator of Z is described by the Gramian matrix of the Gaussian random
variables Z; = Z; —E[ Z; ], i =1,...,n. This is the n X n matrix

G(Z1..... 20) = (E[Z:Z;] )Kim.

We see that Z is nondegenerate if and only if the random variables Z are linearly independent.
g
Suppose that X and Y are finite dimensional vector spaces. Given random vectors
X:(Q8P)—> X, Y:(Q,8P)—-Y
we define the covariance form of Y and X to be the bilinear form
nyxiY* x X* =R

given by
Cy x(n,§) = Cov [(n,Y}, <§,X>], YneY™ e X",
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If X and Y are equipped with inner products (—, —)x and respectively (—, —)y, then we
can identify Cov [Y, X ] with a linear operator Cov[Y, X] : X — Y uniquely determined by
the condition

(y,COV[Y,X]x)Y =Cov [(y,Y)y, (z,X)x ], Ve € X, yeY.
The operator Cov[Y, X] is called the covariance operator of Y and X.

Concretely, if (€;)icr and (f;)jes are orthonormal bases of X and respectively Y, and we
set X; := (ei, X)x, Yj := (f;,Y)y, then in these bases the operator Cov[Y, X] is described
by matrix (cji)(jiesxr, Where cj; := Cov[Y}, X;]. Hence

Cov[Y, Xle; = > cjif;.
J

3

Let us observe that Cov[X, X] = Var [ X | and that Cov[X,Y] : Y — X is the adjoint of
Cov[Y, X]
Cov[X,Y] = Cov[Y, X]*
Note that if T': X — U is a linear map between Euclidean spaces, then
Cov]Y, TX] =Cov]Y,X]|oT*:U - Y.
The random vectors X, Y are said to be jointly Gaussian if the random vector
XaY:(Q28P)—>XaY

is Gaussian. If X and Y are equipped with inner products, then X ®Y is equipped the the
direct sum of these inner products and in this case Var [X &) Y] : XY - X DY admits
the bloc decomposition

Var[X] Cov[X,Y]

CovlY,X] Var[Y] |’

We deduce from the above the following very convenient fact.

Var[XEBY] =

Proposition 1.1.25. Suppose that the random vectors X,Y are jointly Gaussian. Then
X,Y are independent iff the covariance operator Cov|Y, X]| is trivial. g

Suppose that W is an m-dimensional real Euclidean space with inner product (—,—).
Denote by S1(W) the unit sphere in V' and by Sym (W) the space of symmetric operators
V — V and by Sym- (V') the cone of nonnegative ones. For A € Sym- (W) we denote
by T'4 the centered Gaussian measure on W with variance A. -

The space Sym(W) is equipped with an operator norm || — ||op
[ Allop := sup [lAw]| = sup Spec (|A]).

lw|=1
There is another trace norm
[ Al[1 := tr(]A]).
Note that for any A € Sym(W') we have
[Allop < [[All1 < m[Agpl-

We have a natural map Sym (W) — Sym.,(W), A — A2, 'We will need the following
result, [70, Prop.2.1].
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Proposition 1.1.26. For any > 0 and VA, B € Sym (W), such that AYVZ 4 BY2 > 1

1/2

ul A2 = B2 <[] A - B,

(1.1.11)
d

Any continuous function f: W — R with at most polynomial growth defines a map
Syms(W) > 40 9a(f) = [ flw)Ta[dw] € &
w

Lemma 1.1.27. Fiz pug > 0 and suppose that f : V — R is a locally Lipschitz function that
is homogeneous of degree k > 1. Denote by Lip(f) the Lipschitz constant of the restriction
of f to the unit ball, i.e.,

Lip(f) = sup LI
Il <1 |u —

Then there exists a constant C = C'(m, k) > 0 with the following property for and R > 0 and
any A, B € Sym((V') such that

AV L B2 > ol [|AY?lop, B2 ]lop < R

: k
< Llp(f)if(m’ Ly B|Y2. (1.1.12)

|9a(f) = IB(f) |

In other words, A — J4(f) is locally Holder continuous with exponent 1/2 in the open set
Sym. ( Vv ) .

Proof. If we denote by Br(V') the closed ball of radius R, then the homogeneity of f implies

that
[ f(u) — f(v)| < Lip(f)R*||u — v||, Yu,v € Br(W). (1.1.13)
Note that
Ia(f) :/Wf(Al/Qw)rl[dw],
SO
\JA(f)—JB(f)\g/ | f(AYV2w) — f(BY?w) | Ty [dw]
W
1 i g2
:W(/o Pl /2dr> /Sl(v)]f(Alﬁw)—f(Bl/Qw)]volsl(W)[dw]
Conik
(1AY2w]|, ||BY?w| < R)
(1.1.13)

< Cpk Lip(f)R'“/ |AY2 — B2, volgi vy [ dw |
S1(W)

< Gy Lip(f)RE vol [Sl(W)]/ 1AY2 — B2, volg ) [ dw]
S1(W)
R 12 _ Z(m,k ml/QLipf
HA . B”1/ < ( ) ( )
Ho Ho

(1.1<.11) Z(m, k) Lip(f)

Rk
14 = BI5

()
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Remark 1.1.28. Observe that
trA<R*> = | Alop < R.

Set
a := inf Spec(A), b := inf Spec(B).
We have
inf Spec(A'/? + BY/?) = ” 11”1f 1 ((AY2 + BY*)u,u)
> inf Spec(A'/?) 4 inf Spec(B'/?) = Va + Vb > Va + b.
Hence

a+b>ud = A1/2—|—BI/22;10]1.
O

Lemma 1.1.29. Suppose that f : W — R is a continuous function that is homogeneous of
degree k > 1. Set

M(f) := sup |f(w)].
<1

Then there exists C' = C(m, k) > 0 such that YA € Sym,(V)
940 | < Ia(1F) < Clm, k)M ($)| A5 (1.1.14)

Proof. Note that
sup | f(w)| = M(f)R.

lwl<R
As in the proof of Lemma 1.1.27 we have

Ta(lf]) = /Wf(Al/Qw)Fn[dw]

1 > m+k—1_-r2/2 ) / 1/2
= d A cw 1 dw
(27T)m/2 </0 r € r (W) ‘ f( ) ‘VO S1(V) [ ]

=:Ch i

(1A 2] < [|AY2]|op Jw]))
< CogM(IIAY2|IE, vol [ S1(V)] = C(m, k)M (f)]| Allgh*-

O

Corollary 1.1.30. Suppose that f : W — R is a continuous function that is homogeneous
of degree k > 1. Suppose that A, B € Symyo(W) and B < A. Then

195(F) | < I(If1) < C(m, k)M (f)||B]|E? < C(m, k)M (f)||All5)>. (1.1.15)
Proof. Indeed, 0 < B< A = ||B|lop < || Allop- O
Proposition 1.1.31. Let X,, : (,8,P) — U be a sequence of Gaussian vectors valued in
the m-dimensional Euclidean space U. Assume that

(i) for any m < n the vectors X,,, X,, are jointly Gaussian and,

(ii) the vectors X, converge a.s. to a random vector X : (Q,8,P) — U.
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Then X is Gaussian and X, — X in LP, ¥p € [1,00).

Proof. The vectors X,, converge in distribution to X and Proposition 1.1.22 shows that
E[Xn] — IE[X], Var [Xn] — Var [X]

Replacing X,, with X,, = X,, — ]E[Xn] we can assume that Xcentered. Set Y, = X,, — X.
Note that the Gaussian vector (X, — X,,) converges a.s. to Y, as m — oo so Y,, is a Gaussian
vector as well. Moreover Y,, — 0 a.s.. Set ), := Var [Yn] and K, = ||Cpllop- Then K;,, — 0
as n — oo.

Let p € [1,00). Lemma 1.1.29 implies that
B[IY.P] = | [uPTe,du] < Clm.p) K2
U

where C'(m,p) > 0 depends only on m = dimU and p > 1. This proves that Y,, — 0 in LP.
O

1.1.2. Gaussian regression. Suppose that X, Y are two L?- random vectors valued in
the Euclidean spaces X and respectively Y. Denote by Aff(X,Y) the space of affine maps
X — Y. The classical least square approximation gives an explicit description of an affine
map Ap : X — Y such that

E[|Y — AoX|*] <E[[lY — AX|?], VA € Aff(C,Y).
The Y -valued random vector AgX is called the linear regression.

If X,Y are two arbitrary random vectors, then the conditional expectation E[Y || X ] is
some measurable function of X. The next result shows that when X,Y are jointly Gaussian
and X is nondegenerate, there exists a unique affine map Ag such that AgX = E[Y | X ]
Moreover Ay is the solution of the above minimization problem.

Proposition 1.1.32 (Gaussian regression formula). Suppose that X,Y are Gaussian vectors
valued in the Fuclidean spaces X and respectively Y . Denote by mx and respecitvel my the
meand of X and respectively my. Assume additionally that

(i) the random vectors X,Y are jointly Gaussian and,

(ii) X is nondegenerate.
Define the regression operator
Ryx:X =Y, Ryx :=Cov[Y, X]Var[X]™! (1.1.16)
Then the following hold.
(a) The conditional expectation E[Y || X | is a linear function of X described by the linear
regression formula
E[Y || X ] =my — Ry, xmx + RyxX. (1.1.17)
(b) For any x € X
E[Y‘ X = :U] = my — RymeX + Rijl‘.
(¢) The random vector vector Z =Y —E[Y || X | is Gaussian and independent of X. It has

mean 0 and variance operator

Ayx =Var[Y] - Dyx:Y =Y, Dyx = Cov[V,X]Var[X] ' Cov[X,Y].  (1.1.18)
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Moreover, for any bounded measurable function f:Y — R and any x € X we have

E[f(V)|X =2] =E[f(Z+my — Ry xmx + Ryxz)]. (1.1.19)
In particular, if X and Y are centered we have
E[f(Y)|X =2] =E[f(Z+ Ryxz)]. (1.1.20)

Proof. Assume first that both X and Y are centered. Set
Z =Y — RY,XXa

where Ry x is defined in (1.1.16). Assumption (i) implies that Z is also a centered Gaussian
vector.

Let (€;)ier and (f,)aca are orthonormal bases of X and respectively Y. Set

Xi= (e, X)x, Yo:=(fo. Yy, Za:=(fa: D)y,
and
V(X)ij =E[XiX;], Cai =E[YaX;] =Cia, V(Y)ap =E[YaY3].

The matrix (V/(X);; )i,je] describes the variance operator of X, the matrix (V(Y)as )a,BGA
describes the variance operator of Y and the matrix (C’ai)a cAicl defines the covariance
operator Cov[Y, X]. We denote by V(X)i_j1 the entries of Var [ X | ~ and by D, the entries
of Dy x = Cov[Y, X] Var[X]~! Cov[X, Y]. We have

RxyX =3 (3 RaiXi ) Xi ) fa

where
Roi =Y CojV(X);
J
Hence
i J
E[ZaZs] =V (Y)ap — ZjoCaj - Z RaiCig + Z RaiVijRgj.
j i .3

We have

D D RaiVijRsj=) ) ( Y CarV(X),'Vy )Rﬁj
=3 (" Cardii ) Raj = > CarRs, = 3 B3 Cra = Dy = Das.
J k k k

A similar but simpler computation shows that
> RgjCaj = Dga = Dag =Y _ RaiCig.
j i
Thus Ay x = Var [Y] — Dy, x is the covariance operator of Z.

An elementary computation shows that.

E[ZaXi] =0, Va,i
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and assumption (i) implies that X and Z are independent centered Gaussian vectors. Clearly
Z is an X-measurable random vector. If S is and X-measurable event, then

E[ZIp| =E[Z]P[F] =0.

Hence
E[YIF] —E[RKXSIF] :E[ZIF] =0
so that
RyxX =E[Y [ X]
and

E[Y|X =] = Ry xz.
Now let f : Y — R be a bounded measurable function. Then Y = E[Y || X ] + Z, with
E[Y || X |, Z independent. Then

E[f(V)|X=2] =E[f(Z+E[Y | X])| X =]
= E[f(Z%—IE[Y‘ X = x})] = E[f(Z—i— Ryvxx)].
This proves the Proposition 1.1.32 when both X and Y are centered.

We now reduce the general case to the centered case. Consider the centered vectors

X =X—-mx, Y=Y —my.

Then
Ry x = Ry x,
E[Y|X]=my+E[Y|X]=my+E[Y]X]
:my—l-Ry’XX =my — Ry xmx + Ry x X.
If we set
Z:Y—RKX)_(:Y—my—i—RmeX—RyyXX:Y—E[YHX},
then Z is independent of X and thus also of X. O

Remark 1.1.33. (a) Let X, Y, X and Y be as in the above proposition. Assume additionally
that X and Y are centered. Sometimes we will use the notation

Var [Y|X = 0] = Ay x.
Note that
Var [Y|X = 0] = Var [Y] — Cov[Y, X] Var [ X ] ' Cov[X,Y] < Var[Y],  (1.1.21)
since the symmetric operator Cov]Y, X] Var [X } ! Cov[X, Y] is nonnegative.

(b)Suppose that U is another Euclidean space and T : X — U is a linear isomorphism.
Then for any positively homogeneous measurable function f : Y — R we have

E[f(Y)|X=0] =E[f(Y)|TX =0].
To see this is suffices to show that Ay x = Ay 7x This happens iff
Cov]Y, X] Var [ X ] ™" Cov[X,Y] = Cov[Y,TX] Var [ X ] ' Cov[TX, Y].

Indeed,
Cov[Y,TX] = Cov]Y, X|T*, Cov[TX,Y]|=TCov[X,Y],
Var [TX | =T Var [ X |T*.
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O

Proposition 1.1.34. Suppose that V,U are finite dimensional Euclidean spaces, V is a
centered, V -valued Gaussian vector, and S :' V. — U a linear surjection. Assume that the
U -valued Gaussian vector S(V) is nondegenerate. Define Y =ker S, X =Y. Set

L=(S5)"Y25: v - U.

Denote by X and respectively Y the components of V' along X and respectively Y so that
V=X+Y and LV = LX. Then the following hold

(i) The Gaussian vectors LV and X are nondegenerate.

(ii) The Gaussian vectorsY —E[Y | X ], V—E[V || LV ] andY —E[Y || LV | have the
same distribution and their common variance operator is Ay x :' Y —'Y described
in (1.1.18) . They are nondegenerate if and only if V is nondegenerate. Denote by
LAy x the regression Gaussian measure, i.e., the centered Gaussian measure on'Y
with variance operator Ay x.

(iii) If f : V — R is integrable with respect to the distribution of V', then

E[f(V)|L(V)=0] = /Yf(y)FAY’X [dy] =E[f(Y)|X =0]. (1.1.22)

In particular, if the Gaussian vector V' is nondegenerate and f : V' — (0,00) is a nonnegative,
continuous homogeneous function whose restriction to ker S =Y is nonzero, then

E[f(V)|L(V)=0] = : Sf(y)rAm[dyy > 0. (1.1.23)

Proof. The map S |x: X — U is an isomorphism and S |x (X) = U = S(V). Denote by
P the orthogonal projection onto X. Then X = P(V),Y =V — X and

S(V) = S(PV) = S(X).

Note that S*(U) = X. Set B := SS* : U — U. The operator B is symmetric and positive
definite. Observe that L := B~1/28.

Lemma 1.1.35. The operator of L* induces an isometry U — V' with image
L*(U) = (ker L) = (ker $)* = X.

Moreover LL* = 1.

Proof. Let uy,us € U. We have
(L*ul, L*UQ) = (S*Bil/Qul, S*Bil/z’LLQ)
= (SS*B_1/2’LL1, B_1/2U2) = (B1/2U1, B_I/QUQ) = (ul, UQ).

Note that LL* = B~Y2[[*B~1/2 = 1. 0

If A denotes the variance operator of X, then the variance operator of L(V) = L(X) is
LAL*. Moreover, Cov]Y, L(X)] = Cov[Y, X]L*.
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Denote by @ the variance operator of V. With respect to the decomposition V = X @Y
Q@ has the block form
A C*
Q= [ c B ] , C=Covl]Y,X], B=Var[Y].

Since X is nondegenerate, the operator A is invertible. Form the operator
Ay,x := Var [Y] = Cov[Y, X] Var [ X ] Cov[Y, X] = B— CA~'C"
Then Schur’s complement formula (see [75, Sec.0.8.5] or [143, Prop. 3.9])

1 o] [A4cCcr] [1 —-Aalcr]_[A4 0
-CA™1 1 C B 0 1 B B—-CA~IC*
shows that det ) = det A - det Ay x, so that det Ay x # 0 if and only if det @ # 0, i.e., V is
nondegenerate. Similarly

Ay.rx = Var [Y] — Cov[Y, LX] Var [LX ] Cov[LX, Y]

= B— CL*(LAL*) 'LC* = B— CA™'C* = Ayx.
since LL* = 1. This proves (ii).
From the equality
E[V|X]=E[X+Y|X]=E[Y]X]+X
we deduce
Z=V-E[V|X]=Y-E[Y|X]
so Z is Y-valued and its distribution is the centered Gaussian measure on Y with variance
operator Ay, x. The equality (1.1.22) now follows from the regression formula (1.1.19).

To prove (1.1.23) observe that, since I'a ;- is nondegenerate, we have I'a (0] >0, for
any open subset O of ker L. Choose ¢ > 0 such that the open set { f lker> c} is nonempty.
Then

F@Wlay [dy] > cFAX,Y[{f > c} ﬂkerL] > 0.
ker L
|

Remark 1.1.36. The nondegeneracy of ', ; is important. If I'a, , were concentrated on
a proper subspace Z C ker L, it would still be possible that f is nontrivial yet f |z=0. O

1.1.3. Complex Gaussian variables and vectors. A complex random variable
Z=X+1iY:(Q8P)—~C

is called Gaussian if the random vector (X,Y) = (Re Z,Im Z) is Gaussian. For simplicity in
the sequel we will focus exclusively on centered variables so we will assume X,Y are centered

The variance of the complex Gaussian random variable X +2Y is viewed as a real Gaussian
vectors represented by the 2 x 2-matrix
Var [X ] IE[X Y]
A = Varg [Z ] =
E[X Y] Var [Y]
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However, in this book we will work with a more restrictive concept of complex Gaussian
random variable.

Definition 1.1.37. The complex random variable Z is symmetric if the random variables Z
and ¢Z have the same distribution. O

This means that Varg [Z ] = Varp [iZ ] It is well known that the multiplication by <,
viewed as a real linear operator R? — R? is represented by the 2 x 2-matrix

0 -1
=17 5
Using (1.1.10) we deduce that Z is symmetric iff

A=—JAJ <—JA=AJ

The only symmetric 2 x 2 matrices that commute with J are the scalar multiples of the
identity. Hence Z is symmetric iff X, Y are i.i.d. normal random variables. In this case

Varg [Z} = vlge, v:Var[X] :Var[Y].

An elementary computation shows that Z is symmetric if and only if E[Zz] = 0. In this
case

v = fE[Z Z ]
Proposition 1.1.38. Suppose that Z = (Z1,...,Zy) : (Q,S,IP’) — C" is a centered random
vector satisfying the following condition:
for any uy,...,u, € C the complex random variable
wZ +ug o+ +unZy, (C)
a symmetric complex Gaussian random variables.

Denote by Varc [Z} the complex variance matrix of Z, i.e., the n X n hermitian matriz

Varc [Z] = (E[ijk])

1<j,k<n’

Note that Varc [Z] can be viewed either as a complex linear operator C* — C", or as a
real linear operator R*™ — R?™.

Then the following hold

(i) The random vector Z, viewed as a real random vector (Q,S,IP’) — R?" =2 C", is
Gaussian.

(i) E[Z;Z,x] =0, Vj,k=1,...,n.

iii) Denote b VaI'R Z | the variance oper ator of Z viewed as a real Gaussian vectors.
)
Then

Varg [Z] = %Var@ [Z]

Above, both sides are viewed as real linear operators R™ — R™.
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Proof. (i) Set Xj := Re Zy and Yy = Im Z;. For any complex numbers uy = s — ity the
random variable

Zuka:Z(Ska—i-thk) +iZ(3kYk_thk)
k k k

is a symmetric complex Gaussian variable. This implies that the real random vector
(Xlai/vlv' . 'aXn,Yn)
is Gaussian. and that each of the complex Gaussian variables Zj, is symmetric.

(ii) Set vy = E[ X2 ]| =E[Y}?]. Suppose that u, = 0 for k # 1,2 u; = s; — it;, j = 1,2. The
u1Zy +uaZs = A(s,t) +iB(s,t) is a symmetric complex Gaussian variable. We deduce that
real Gaussian random variables

A(s,t) = s1X1 +01Y1 + 52 Xo + t2Yo and B(s,t) = s1Y1 — t1.X1 + s2Ya — t2Xo
are i.i.d.. Suppose that t1 = so = 0. Then
Var [A] = s%vl + t%’Ug + 281t2E[X1Y2]
= Var [B] = s%vl + t%’l)g — 231t2E[Y1X2 ]

From the equality Var [A] = Var [B] we deduce that

E[X1Y2| = -E[V1X2].
From the equality E[AB ] = 0 we deduce that

E[ X1 X2 | =E[V1Y2].

We can rewrite these equalities compactly as E[21Z2] = 0. Clearly the above argument
shows that E[Zij] = 0 for any j, k.

(iii) For j # k We set
. 1 =
ajr =E[X;Xp], bjr = -E[X;Y], 2k =aj, +ibj, = §E[ijk]
The covariance operator of the two variables Z;, Z; viewed as two-dimensional random vectors
is
E[X;X:] E[X;Y;] ] _ [ ajr  —bjk }
E[Y}X}C] E[YkYk] bj Ak '

The above matrix describes the multiplication by z;;, viewed as a real linear operator C — C.
a

COV[Zj, Zk] =

Definition 1.1.39. A complex random vector Z : (Q,S,]P’) — C™ is called a symmetric
complex Gaussian vector if it satisfies condition (C) in Proposition 1.1.38..

A collection Zy, ..., Z, of symmetric complex random variables is called jointly Gaussian
if the random vector (Z1, ..., Z,) is a complex symmetric Gaussian vector. 0

Remark 1.1.40. Suppose that U is a finite dimensional complex Euclidean space, m = dim¢c U.
Denote by (—, —) the associated Hermitian! inner product. This defines a real inner product.

(ul,ug) :Re<u1,uQ>.

1We adhere to the geometers’ convention that a Hermitian inner product is conjugate linear in the second variable.
Physicists a ssume that the Hermitian inner product is conjugate linear in the first variable.
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Suppose that Z is a U-valued centered random vector that is Gaussian when we view U as a
real vector space. As such Z has a variance A = Varg [Z ] which is a symmetric real linear
operator U — U. Then Z is a symmetric complex Gaussian iff Varg [Z ] is also complex
linear, i.e.,

A(tu) = tAu, Yu e U.
We will denote by Varc [Z ] This complex linear operator.

If (ej )1 <j<m We fix a complex orthonormal basis of V', then Varc [Z ] is represented in
this basis by a complex Hermitian m x m matrix. The collection

€e1,te1,...,€m, ey,

is a real orthonormal basis of U. In this basis, Varg [Z ] is represent by a real symmetric
2m X 2m-matrix O

1.1.4. Gaussian measures on Fréchet spaces. In this brief, mostly expository, subsec-
tion I want to describe a few facts about Gaussian measures on infinite dimensional spaces.
For more details I refer to [21, 148|.

Let me first recall a rather deep and very versatile measurability result. I will state only

a special case that suffices for all the applications I have in mind. For a proof and a more
general version I refer to [36, Sec. 8.6].

Theorem 1.1.41 (Blackwell). Suppose that X is a Polish space, i.e., a complete separable
metric space. Denote by Bx the sigma-algebra of Borel subsets of X. Suppose that § is a
countable family of Borel measurable functions on X that separates points. Then o(F) = Bx,
where o(§) denotes the sigma-algebra generated by §. O

Digression 1.1.42. I want to digress to discuss an infinite dimensional version of the Cramér-
Wold theorem, [80, Cor. 6.5].

Let © be a set and V a vector spaces of functions f : £ — R. Denote by o(V') the
sigma-algebra generated by the collection V. Note that

o(V)=\/ a(F),
Fe2y

where we recall that Eg denotes the collection of finite subsets of a set S. For any F' € 2(‘)/
we have a natural linear map

pr:F =R, Q3w (f(w)),ep € R

Let © be a probability measure on (Q, a(V) ) For any complex valued, bounded measurable
function ¢ we denote by ,u[ga] the integral of ¢ with respect to u.

The measure p is uniquely determined by the marginals pf" = (pp)xp € Prob (RF). In-
deed, the marginal pf” determines the restriction of 1 on o(F) and the collection (o (F) )FGQV

0
is a m-system that generates o (V).

The probability measure uf on R is uniquely determined by its Fourier transform
ot sspan(F) —» C, g~ ,u[eig].

Equivalently the measure pf” is uniquely determined by the distributions of the random
variables g : (Q,0(V)) — R, g € V. Summarizing, we deduce that following result.
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Proposition 1.1.43. Let Q) be a set, V' a vector space of real valued functions on Q. Then a
probability probability measure p on o (V') is uniquely determined by either one of the following
data.

(i) The distributions of the collection of random variables f : Q@ — R, f € V.
(ii) The distributions of the collection of complex random variables etf, fev.

(iii) The Fourier transform

A:V—C, f[f]=p[ef].

For a different proof of this proposition we refer to [46, Sec. 8.1].

To see this principle at work, consider two sets o, 1 and two vector spaces V; € R,
i = 0,1. These vector spaces determine two sigma-algebras o(V;), i = 0,1. Consider the
product space 2 = Qg x Q; equipped with the product sigma-algebra o(Vy) ® o(V;). Let
pi : Qg x Q1 — ; denote the canonical projection. Note that

oc(Vo) @ o(V1) =a(Vp B V)

where Vo H Vi denotes the space p;Vp + pi Vi of functions f : Qg x 1 — R with the following
property: 3f; € V;, i = 0,1 so that
fwo,w1) = fo(wo) + fi(w1), V(wo,w1) € Qo x Q.

Let v be a probability measure on (Qo x Q1,0(Vo) @ o(V7) ) Denote by v; the marginals of
v, vi = (pi)pv, i =0,1.

Suppose that p; is a probability measure on (Qi,d(‘/i)), i = 0,1. To verify that
v = gy X p1 it suffices to check that Vfy € Vg, f1 € V4,

/ i1y [ dugduy | = (/ eifO(WO),uo[dwOD </ e"fl(wl)m[dwl]).
Qox Qo Q1

This completes the digression. O

Recall that a Fréchet space is a vector space X equipped with a countable family of
seminorms

=1l : X =1[0,00), v €N,

such that the function

1
d: X x X —1[0,00), d(xg,x1):= Z?max ( llxo — x1]|u, 1)
veN

defines a complete metric on X. Note that the metric d is translation invariant. A subset
S C X is said to be bounded if

sup ||s]|, < oo, Vv eN.
seS

Example 1.1.44. (a) Banach spaces are Fréchet spaces.
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(b) Suppose that U C R? is an open set. Then for any m > 0 the space C™(U) is a separable
Fréchet space. To see this choose a compact exhaustion (K, ),>1 i.e. countable family of of
compact subsets K|nu C U such that

Vv >1, K, Cint(K,;1) and U K, =U.
v>1

The topology is defined by the seminorms
£l = Sup (If@)|+[Df @)+ + D™ (2)])

The topology determined by these seminorms corresponds to uniform convergence on com-
pacts.

To see that C™(U) separable note that the space of polynomials in d variables with
rational coefficients is dense in C"™(U), [154, Chap. 15, Cor. 4]. O

Let X be a real separable Fréchet space. In this case the Borel sigma-algebra of X x X
coincides?with the product of sigma-algebras B x

Bxxx =Bx ® Bx.

Since the addition + : X — X — X is continuous it is B x « x =measurable.
We denote by X™* the topological dual of X and by

(—,—): X"xX —>R
the natural pairing
X*x X 3 (&,0) = (6,2) = £(a).
The dual X* is equipped with several useful topologies
o( X", X)cT(X*,X)cCp(X*X). (1.1.24)
e The topology O'(X * X ), also know as the weak™ topology, corresponds to the

uniform convergence on the finite subsets of X.

e The topology T(X * X ), also known as the Mackey topology, corresponds to
uniform convergence on the symmetric, compact convex subsets of X.

e The topology ( X" X ), also known as the strong topology, corresponds to uniform
convergence on the bounded subsets of X.

For a € {o, 7,8} we denote by X the dual equipped with the a(X*, X )—topology. The
Mackey-Arens theorem shows that for a = o, 7, the topological dual of X can be identified
with X; see [140, Sec.IV.3]. This means that a linear function L : X* — R is a( X*, X )-
continuous iff there exists € X such that L(§) = (£, z), V§ € X™.

Proposition 1.1.45. The Borel sigma-algebra of X coincides with the sigma-algebra o(X™)
generated by the family of continuous linear functions £ : X — R.

2There is this the strange Nedoma pathology: if X is a metric space, then the diagonal A C X x X is closed in
the product topology and thus Borel measurable in this topology. However, if the cardinality of X is bigger than the
cardinality of the continuum, then A does not belong to the sigma-algebra Bx ® Bx,so Bx @ Bx C Bxxx-
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Proof. Let {x,}nen be a countable dense subset of X. We assume z,, # 0, ¥n. We deduce
from the Hahn-Banach theorem that for any n € N there exists &, € X* such that &, (z,) = 1.
The collection E = {&, }neny € C(X) separates the points. We have o(Z) C o(X*) C Bx.
Blackwell’s theorem now shows that o(2*) = Bx. O

The Fourier transform of a Borel probability measure p € Prob(X) is the function
i X*—C, i) =E[e*].
Since Bx = o(X™) we deduce from Proposition 1.1.43 that p is uniquely determined by its

Fourier transform. More generally, we have the following result.

Corollary 1.1.46. Suppose that X is a separable Fréchet space and L C X* is a subspace
such that o(L) = o(X*). Let po, p1 € Prob(X). Then
po = 1 <= po(§) = pi(§), V€€ L.
O

Definition 1.1.47. A Borel probability measure I' on the separable Fréchet space X is
called Gaussian if any continuous linear functional £ € X*, viewed as a random variable, is
Gaussian. Equivalently,

&L = Ymiggolg, VE € X7
The Gaussian measure is called nondegenerate if v[¢] > 0, V& € X*\ {0}. It is called centered
if ml¢] = 0, V€ € X*. 0

We see that I' € Prob(X) is centered Gaussian if, V§ € X*

~

(6 = 92, ol =Br[¢] = [ ¢Pr]a]
We deduce that a centered Gaussian measure is uniquely determined by the variance function
Var: X* = R, {— Ep[&2].
Note that Vt € R, V¢, ne X*
Var[té] = ¢* Var[€], Var[¢ + 7] + Var[¢ — ] = 2( Var[¢] + Var[n] ). (1.1.25)

Proposition 1.1.48. Let X be a separable Fréchet space and p € Prob(X). Denote by R
the “rotation”
1 1

R:XxX = XxX, Rlzo,z1) = (ﬁ(xo—xl),—z(xﬁxl)).

Then the following are equivalent.
(i) The measure p is Gaussian.
(i) p®p = Ry(p x p)

Proof. For i = 0,1 we denote by p; the natural projection X x X > (xg,z1) — x; € X. If
e X" andi=0,1, then weset § =&op; € (X x X)*. Set v:= Ryu(n® p). Note that

1
So—61), LoR=—(&+&)

§oo R= 7

1
7!
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(i) = (ii) To show p ® pu = v we use Corollary 1.1.46. We have to show that if 4 is Gaussian

then
VéEne X' / eHotm) gy, = </ eigdu> (/ eindu> . (1.1.26)
XxX X X

Proof of (1.1.26) We have

/ et&o+m) g, — / ei(ﬁoOR(xo7$1)+W1°R(xo’zl))ﬂ Q [ dxodry }
XxX XxX

_ / o5 (€+n)(@0) ~(e=n)(@1) 1@ p] droda: |
XxX

_ </ €;§<s+mdu> o </ eé(sn)d@
X X
_ olen/a —vle—n/a (1125) _ofe)/a—ofn/2) _ ( / eiﬁdu> < / eindlu> ‘
X X

(ii) = (i) To show that p is Gaussian it suffices to show that for any £ € X*, the random
variable € : (X, u) — R is Gaussian. Note that the random variables

0, &1 (X x X, p@pu) - R

are independent copies of X, i.e., they are independent and they have the same distribution
as €. According to Polya’s Theorem 1.1.8 it suffices to show that the random variables £ and
a= %(51 + &) have the same distribution, i.e.,

E[e"] =E[e*], VteR.
We have
E[eito‘] — / e%(fO“‘fl)(xval)M ® M[dl’od$1] :/ 6’1:75510]%(:60,501)” ® ﬂ[dx()dxl]
XxX XxX

(v =Ryu(p® p))
_ / @)y [ dagday |
XxX

(v=p®pn

:/ eitﬁ(ml)p@)p[dazod:ﬂl} :/ eitf(z),u[dz:] = E[eitg].
XxX X

O

Corollary 1.1.49. Suppose that X is a separable Fréchet space, i € Prob(X) and £L C X*
is a subspace such that o(L) = Bx. Then the following are equivalent.

(i) The measure p is centered Gaussian,
(ii) For any & € V' the random variable € : (X, u) — R is centered Gaussian.

Proof. Clearly (i) = (ii) so it suffices to prove (ii) = (i). For each £ € £ we denote by v[¢]
the variance of £. It satisfies the equalities (1.1.48). Using Proposition 1.1.48 it suffices to
show that p®@p=v =Ryu(p®p). Since Bxxx =Bx @ Bx = 0(L) ® 0(L) we can use the
strategy outlined in Digression 1.1.42 so it suffices to show that

VE&,ne L / ¢Heotm) gy, — </ eigd,u) (/ ei”du> . (1.1.27)
XxX X X
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Since £ +n, & —n € L, we deduce that £ + n,& — n are Gaussian variables as well and the
proof of (1.1.26) carries over with no modification to this situation as well. 0

Remark 1.1.50. The Corollaries 1.1.46 and 1.1.49 may suggest that a Gaussian measure I"
is nondegenerate iff £ is a nondegenerate Gaussian random variable for any £ € £. Example
1.2.20 will show that this is not the case. O

The covariance form of a centered Gaussian measure I' on a separable Freéchet space X
is the continuous, symmetric bilinear form

Cr: X*"x X" =R, C’p(g,n):Ep[g-n]:/Xg(x)n(x)l“[dx].

Note that each ¢ € X* is a function on X that is L? with respect to the measure I'. This
determines a tautological linear map

Tr: X* — L*(X,I) (1.1.28)

that associates to each continuous linear functional £ : X — R its [-a.s. equivalence class.
The map Tt induces a continuous map X* — L?(X,T); see [21, Lemma 3.2.1] or [155,
Thm.3(3)]. As such, it has a continuous dual map

Ty L3(X,T) — (X5)* = X.

T

More precisely T{:§ is the linear functional v on X ™ such that
u(n) =E[&n], Vne X*. (1.1.29)
We denote by Rr the composition
Rr :=T{Tr : X* — X. (1.1.30)
The map Rr : X* — X is uniquely determined by the conditions
(n, Br¢) = Cr(&,n) =Er[&n], V& ne X",

Note that ker Rpr = ker Tt and these maps are injective iff I' is nondegenerate.
For a proof of the following fundamental fact we refer to [47, Sec. 3|, [60, Sec.1] or [148,
Sec. 3.2.2].

Theorem 1.1.51 (Fernique). Let I' be a centered Gaussian measure on the separable Fréchet
space X defined by a sequence of seminorms (|| — ||,)v>0. Fiz v >0 ro =ro(v) > 0 such that

T[{]|z]ly < ro}] =q>%.

Set X
q
A= Alrg,q) = — 1 (7>
(r0.0) = 53 hox (1
Then, for any r > ro we have Fernique’s inequality
C[{llzlly > r}] < roe ", (1.1.31)

In particular

/ eo‘H”C”?'F[dx] < o0, Ya < A, (1.1.32)
X
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and

[ lalrfas] <. (1.1.33)
X

Condition (1.1.33) implies that the map
Tr: X* — L*(X,T)

is continuous with respect to the weak* topology on X*. The dual T} : L*(X,I') — X is
continuous with respect to the weak topology on X. The closed graph theorem [154, Chap.
17, Cor.6] implies that it is also continuous with respect to original strong topology on X.
We set

HY := Rp(X*) = T} Tr(X ) C X.

The space HB is a pre-Hilbert space with respect to the inner product

(ngvRFn)F = EF[E”L V§777 € X"
The operator T1* defines an isometry
Tp - Tr(X*) € L*(X,T) — HP
and thus extends by continuity to X7, the closure in L?(X,T') of Tr(X*). We denote by Hp
the image of this extension
Hr =T¢(X{) C X. (1.1.34)
The resulting map T} : X1 — Hr is a surjective isometry so Hr is the completion of H?

with respect to the norm || — ||r induced by the inner product (—, —)p. The Hilbert space
Hr is called the Cameron-Martin space associated to the Gaussian measure T'.

We have the following result, [21, Prop. 3.1.9].
Proposition 1.1.52. Let (&,)nen be a sequence in X* that separates the points in X. Then

they span a dense subspace of XT., so X1 is separable. In particular, the span of the family
(Rp(gn) )nEN 1s dense in Hr. O

For a proof of the following nontrivial result we refer to [21, Thm. 3.6.1].

Theorem 1.1.53 (Support theorem). Let I' be a centered Gaussian measure on the sepa-
rable Fréchet space X. Then the support of I' is the closure of Hr in X. This means that
F[ cl(Hp)] =1 and for any open set U that intersects Hr, F[U] > 0. O

Corollary 1.1.54. Let I' be a centered Gaussian measure on the separable Fréchet space X .
Then the following are equivalent.

(i) The measure I' is nondegenerate.

(ii) The Cameron-Martin space Hr is dense in X.

(iii) For any nonempty open subset O C X, F[O] > 0.
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If T" is a finite dimensional real vector space and S is a subspace of V', then it is not hard
to see that either I'[ S| =0 or I'[ S ] = 1. Xavier Fernique [60, Sec.1] proved that a similar
result holds in infinite dimensions.

Theorem 1.1.55 (Zero-one law). Suppose that T’ is a Gaussian measure on the separable
Fréchet space X. If'Y C X is a Borel measurable subspace then either F[Y} =0 or
rjy|=1. O

Proposition 1.1.56. Suppose that Y, X are separable Fréchet spaces andi:Y — X is a
continuous linear injection with closed range. We have a pushforward map

i : Prob(Y) — Prob(X).

(i) A Borel probability measure u € Prob(Y') is (centered) Gaussian if and only if its
pushforward iyp is a (centered) Gaussian probability measure on X.

(ii) If T is a Gaussian probability measure on X such that F[z(Y)] = 1, then there
exists a Gaussian measure on'Y such that I' = iyp.

Proof. We have a dual map i* : X* — Y*, £ — £ oi. The Hahn-Banach theorem shows
that this map is onto.

(i) Note that ixp is Gaussian iff V€ € X™* the pushforward &4 (ipp) = (€ 0 )4 p is Gaussian.
Since i* is onto, this happens iff nyp is Gaussian, Vn € Y, i. e., p is Gaussian.

(ii) For a Borel subset B C Y we set
p[B]:=T[i(B)].
Then p € Prob(Y') and ixpu =I'. We deduce from (i) that p is Gaussian. 0

Theorem 1.1.53 has an immediate but useful consequence.

Proposition 1.1.57. Let X be a separable Fréchet space. Fix a family of seminorms
(I = llv)v>0 defining the topology of X. Let (zn)n>0 be a sequence in X and (cp)n>0 @
sequence of positive real numbers such that

chHmnHV < o0, V.
n>1

Denote by Y the closure of the span of (zp)n>1. Let (An)n>1 be a sequence of indepen-
dent standard normal random variables defined on the probability space (2,8,P). Then the
following hold.

(i) There exists a negligible subset N € 8 such that the series
Z Ap(w)enzy
n>1
converges in X to an element in'Y for any w € Q\ N.

(i) The map S : Q —'Y defined by

Ap(w)enon, Q\N,
S(w) = Yot An(W)enTn, w € Q\
0, weN
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is Borel measurable and the push-forward I's := S4IP is a nondegenerate Gaussian
measure on 'Y .

(iii) For any nonempty open subset O CY, IP’[S € O} > 0.

Proof. (i) We will show that the random scalar series
Z | Anlenl|zally
n

is a.s. convergent for any v. According to Kolmogorov’s two-series theorem this happens if
the positive random variables X? = |A,| - ¢, | zy ], satisty

Z]E[XZ] < oo and ZE[(XZ)Q} < 00.
n>1 n>1

Now observe that
2

1 > x2/2

ZE[X};] = \/Zch\an,, < 0o
n>

n>1

and

YE[CG)?] =) chllzall} < oo

n>1
(ii) Define S, : Q@ =Y

S Ap(w)egzr, w e Q\N,

The maps 5,, are measurable since the addition operation on a separable Fréchet space is
a measurable map. The map S is measurable since for any £ € Y* the function (£, S) is
measurable as limit of the measurable functions (¢, S,,).

To see that I'g is a Gaussian measure let £ € Y*. Then
(€, 5(w)) = lim (£, 5,).
The random variables

<§7 Sn> = Z Ancn<£7 xn>
k=1

are Gaussian as sum of independent Gaussians. Since the limit of Gaussian random variables
is also Gaussian we deduce that (¢, 5) is Gaussian with variance

vle] = 3" 2| (€ @) |-
n>1

Since (z,,) spans a dense subspace of Y, we deduce that for any £ € Y™* \ 0 such there exists
n such that (£, z,) # 0. This proves that I'g is nondegenerate. Part (iii) now follows from
Theorem 1.1.53. g
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1.1.5. Mercer kernels. Classically, [100], a Mercer kernel on a compact interval I of the
real axis is a continuous symmetric function K : I x I — R such that the associated integral
operator

£ K[f], K[f)(s) = / K (s, 1) f(t)dt

is symmetric and nonnegative definite. It this subsection we will survey some properties of a
generalization of this classical concept.

Definition 1.1.58. Let T be a metric space. A Mercer kernel on T is a continuous function
K : T x T — R satisfying the following properties.

(i) K(s,t) = K(t,s), Vs,t € T.

(ii) For any t1,...,t, € X the symmetric matrix (K (t;,¢;))
definite.

1<ij<n 18 nonnegative

O

Example 1.1.59. Let T be a compact metric space. Denote by F the Banach space C°(T)
equipped with the sup norm. Suppose as in [15] that U C F := C°(T) is vector subspace
equipped with a norm || — || making it into a separable Banach space and such that the
natural inclusion U — F is continuous. If (¢,),en is a dense subset of T' the evaluation
maps Ev; € F* separate the points in F' and, according to Blackwell’s Theorem 1.1.41,
they generate the Borel sigma-algebra of F'. These evaluation maps also define continuous
linear functionals on U that, a fortiori, separate the points in U so they also generate the
Borel sigma algebra of U.

Suppose that I' is a centered Gaussian measure on U. We deduce from Proposition 1.1.52
that the collection ( Ev; ) (e Sbans a dense subspace of Ut.. For every t € T we obtain a

continuous function Ky = K} = RrEvy; € U C CO(T). The continuous function K} is
uniquely defined by the equality

K!'(s) = BEv, (Ktr) = / Ev,(u) - Evg(u)T'[du].
U

We set K''(t,s) := K} (s). The resulting function
K':TxT =R, (ts)— K'(z,y)
is called the covariance kernel of the Gaussian measure.

The covariance kernel KT : T x T — R is a Mercer kernel. Property (ii) follows from the
fact the symmetric matrix (K (ti,t5) )1 <ij<n is the variance operator of the Gaussian vector
U— R, u— (ulty),...,u(t,)) € R™
The Cameron-Martin space Hr can be identified with the Reproducing Kernel Hilbert Space

(RHKS) determined by the covariance kernel KT. We refer to Appendix B.5 and the refer-
ences therein for more information about this concept. a

Let us conclude with a simple way of recognizing Mercer kernels. Observe that if
K : T xT — R is a continuous symmetric function,

K(s,t) = K(t,s), Vz,y € M,
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then for any finite Borel measure u on M it induces a bounded symmetric operator
(K] = [K], : L*(T, p) = L*(T, ),
1.1.35
/ K(t,s) [ds] ( )

Note that the function K is a Mercer kernel if and only if for any ¢q,...,t, € Tand p =), d;,
the operator [K], is nonnegative definite, i.e.,

([KJuf ] ) pogppy 2 0, Vf € COT).

Denote by Meas(T") the collection of finite Borel measures on T and by Prob(T') the collection
of Borel probability measures on M. A measure p € Meas(T) is called diffuse if M[U] >0
for any nonempty open subset U C T'

Proposition 1.1.60. Let K : TxT — R be a symmetric continuous function. The following
are equivalent.
(i) The function K is a Mercer kernel.
(ii) The operator [K], is nonnegative definite for any p € Meas(T).
(i) The operator K], is nonnegative definite for any p € Prob(T).
(iv) The operator [K], is nonnegative definite for any difffuse measure probability p € T

Proof. Clearly (ii) = (i), (iii) , (iv).

Denote by Px collection of measures @ € Meas(T') such that [K], is nonnegative definite.
Observe that if f : M — [0,00) is a nonnegative continuous function and p € Pk, then
fu € Pr. This shows (ii) <= (iii). Hence it it suffices to show that (i) = (iii) and (iv) =
().

The dominated convergence theorem shows that for any u € Meas(M) and f € L*(M)
we the function [K], is continuous and

sup | (K] f(x) | < / swp | Ko y)llf @)l dy] = 1K e[ M1 lz2r
xeM M zy€E

so [K], defines a continuous linear operator L*(T, ) — C(T), YV € Meas. We deduce from

this that if (u,,) € Pk is a sequence of measures converging weakly to a measure p € Meas(M )

then u € Pg. In other words, Pg is closed under the topology of weak convergence of finite

measures.

Denote by Probg(T") the collection of discrete probability measures on M. More precisely,
i € Probg(T) iff there exist a finite set F* C M and a function w : F' — [0, 00) such that

Zw(t) =1, u= Zw t)0y
ter ter

The Krein-Milman theorem shows that any p in Prob(T') is the weak limit of a sequence of
discrete probability measures; see [52, Sec. 10.1] or [146, Ex.8.16].

(i) = (iii) Since K is a Mercer kernel we deduce that Probg(M) € Pg and the above discussion
shows that Prob(M) C Pk.
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(iv) = (i). Fix a non-atomic probability measure . We will show that Probg(T") C Px. Let

fy = Z w(t)ds € Probo(T)
ter

For t € F we denote by B,(t) the open ball of radius r centered at t. For v € N, v > 1/r,
choose a nonnegative continuous function f, : T — [0, 00) with the following properties

fv C By, (t), fu®p|ds| = , VxeF.
supp UF () /Bm ([ ds] = w(z), Ve

Then f,pu € Px and f,p converges weakly to p,, as v — oo so that u,, € Prk.

1.2. Gaussian fields

1.2.1. Random fields a.k.a. stochastic processes. This subsection has a rather modest
goal namely to introduce some basic terminology and facts concerning stochastic processes.
For more details we refer to two classic sources, [45, 68].

To put it simply, a stochastic process is a family of random quantities valued in the same
measurable space. In this book I will typically use the term random maps when referring to
stochastic proceses.

Definition 1.2.1. Fix a finite dimensional vector space U and a set T. An U-valued random
field or random map on T (or parametrized by T') is a map

X:OxT—-U, (wt)— Xu(t) eU,
where (2,8, P) is a probability space, and for any ¢ € T, the map
Do>w—X,(t) e U

is measurable. When U = R, the random field X is also known as a random function. O

Here is an alternate viewpoint. Denote UT the space of functions f : T — U. If
X:OxT—-U, (wt)— X,(t) eU,

then for any w € Q we have a map X,, € UT, t — X, (t). The maps X,, are called the sample
maps of of the random map X. We thus obtain a map

Ox:Q=UT, dx(w)=X,.
For every t € T' we have a natural projection
Ev,:UT U, f— f(b).

These maps determine a sigma-algebra on UT, namely the smallest sigma-algebra such that
all the maps Ev; are Borel measurable. We denote it by B%}. A map

U:(Q,8,P) -UT, w— 1,
is measurable if and only if, for any ¢ € T, the induced map
Q23w Evy(V,) =Y,(t) eU

is measurable. This shows that the map ®x is measurable.
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Conversely, any measurable map ® : (2, 8,P) — U7 defines a map
Xo:QxT — U, (Xé)w(t) - q)w(t)
which is a random field in the sense of Definition 1.2.1(i). The pushforward probability
measure FxIP on U7 is called the distribution of the random field Xg.

Denote by 2T the collection of finite subsets of T. For any F € 21" we denote by 7p
the natural projection UT — UF'. Equivalently, mp(X) is the restriction to F of a function
X : T — R. Moreover, if Fy C F5 are two finite subsets of T' we denote by Pp, g, the natural
projection U2 — U that maps a function F» — U to its restriction to F.

Any probability measure p on B%’} determines a family of probability measures pup on
BE, F € 2T, up = (np)up. This is a projective family i.e., it satisfies the compatibility

U 0 #
conditions
((‘])Fl,FQ)#/J’FQ = Uy, VF, C Fs. (1.2.1)

Kolmogorov’s existence theorem shows that conversely, given any projective family of prob-
ability measures pp : BE- — [0,1], F € 2{, there exists a unique probability measure
p: BE —[0,1] such that

pp = (mp)gp, VF.
Thus the distribution of a random field X is uniquely determined by the distributions of the
finite dimensional random vectors

Xp:Q—=U", we (X(t)) Fe2f.

teF”

Definition 1.2.2. Let (2, 8,P) be a probability space, T' a set, and U a finite dimensional
real vector space. Consider stochastic processes

XY :QxT - U, (t,w)— X,(t), Y,(t).

(i) The process Y is said to be a modification or version X, and we denote this X ~ Y,
if for any t € T there exists a negligible subset N; such that

Xo(t) = Yo(t), Ywe Q\N,.

(ii) The processes X,Y are said to be indistinguishable, and we denote this X ~ Y, if
there exists a negligible subset N such that

Xo(t) =Y,(t), VteT, Ywe Q\N.

(iii) The processes X,Y are said to be stochastically equivalent, and we denote this
X ~; Y, if they have the same distribution, i.e., for any F € Qg the random
vectors X and Yr have the same distribution.

O
Note that =, ~, ~, are equivalence relations and
XY — X~Y = X~ Y
Suppose that U is equipped with an inner product with norm ’ — ‘ and T is a metric space.

Suppose that p is a o-finite Borel measure on T" and

X:(Q8,P)xT—U.
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In many applications we would be interested to know if the sample maps X, : T — U
have additional compatibility properties with the additional metric and measure-theoretic
structures on the parameter space T'. In such situations measurability issues could become
tricky. Let me mention two such issues

The first issue can be easily missed. It appears for example when we define random
variables as a.s. limits of other random variables. Observe that

fr9: (Q,S,]P’) — R,

are P-a.s. equal and f is measurable, then we can conclude that ¢ is also measurable if and
only if § is P-complete. To deal with this issue we will adhere to the following convention.

# Unless stated otherwise, the probability spaces (2,8,P) used throughout this book will be
tacitly assumed P-complete.

To explain the second issue suppose that X is a random function defined on an open
subset T of R™. We will have to consider quantities of the type sup,cp X (t), where B is
some Borel subset of T'. If B is uncountable this quantity may not be measurable. This is a
bit more subtle. To explain how to handle it we need a bit more terminology.

Definition 1.2.3. Let (T, d) be a metric space and X an U-valued random field on T
X:(,8P)xT U

(i) The random field X is called separable if there exists a countable separant, i.e., a
countable dense set D C T and a P-negligible subset N C 2 such that, for any
t €T, any € > 0 and any w € Q \ N we have

Xo(t) €cl ({Xu(s), seDNBAL) }).

(ii) The random field X said to be stochastically continuous if for any ty € T, the
random variable X () converges in probability to X (¢9). More explicitly, this means
that for any tg € T and any € > 0

lim P[| X () — X(to) | > ] =0.

t—to
(iii) The random field X is called measurable if the map X is § ® Bp-measurable.

(iv) The metric space T is called convenient if it is locally compact and separable.

O

The topology of a convenient metric space T can be defined by a complete metric whose
balls are relatively compact.

Let us observe that if the random function X : © x T' — R is separable, then T is
separable and for any Borel subset B C T the function

Q3w sp(w) :=sup Xy(t) € (—o0, x|
teB

is measurable since

sp(w) = sup X,(t).
teBND
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Indeed, since T is separable, the set B can be covered by countably many balls B,, (z,) and

supX =sup sup X.
B n BNBy, (zn)

The separability of the random map X implies that supgn By, (zn) X is measurable for any n.
We have the following result [45, Sec.I1.2], [68, Sec. 4.3].

Theorem 1.2.4. Suppose that T is a convenient space X : (Q,8,P) x T — U is a stochasti-
cally continuous process. Then for any o-finite measure p on B the random field X admits
a separable modification Y : QxT — U with the following additional property: there exists a
P® p-negligible set 2 € 8 @ By such that P@u[ 2] = 0 and the restriction of Y to (AxT)\Z
18 8 @ Br-measurable. O

Definition 1.2.5. Let X : Q x T — U, (w,t) — X,(t) € U be a random field, where U is
a finite dimensional Euclidean space and T is a convenient metric space. We say that X is
continuous if for any w € 2 the sample map

Tot— X,(t)eU

is continuous. The process is called a.s. continuous if it is indistinguishable from a continuous
process.

If T is an open subset of a finite dimensional Euclidean space we can define in a similar
fashion the concept of a.s. C* random map. a

There exists sufficient conditions guaranteeing that a random map X admits a modifica-
tion that is a.s. continuous. We mention here Kolmogorov’s famous continuity theorem. For
a proof we refer to [142, Thm. 10.1], or [148, Thm. 2.5.3].

Theorem 1.2.6 (Kolmogorov). Suppose that T = [a1,b1] X - -+ X [an, by] C R™ and
X:QxT—-U

is a random field valued in the finite dimensional Fuclidean space U. If there exists C' > 0,
p € [l,00) and r € (0,1] such that

E[1X(s) = X(0)[P] < C| s —¢]"",
then for any o € (0,r], the random field admits a modification that is a.s. a-Holder continu-
ous. O
For more refined results of this kind we refer to [88, Chap. 11].

Example 1.2.7. (a) Suppose that Ay, 41, . .., A, are independent random variables, T =R = U.
Define the random function

n
X:R—oR, X(t)=) Apth.
k=0

This is an example of random polynomial. Clearly X is a.s. smooth.

(b) Suppose that A,,, By, n € Z>, are independent mean zero L2-random variables defined on
the same probability space (€2, 8,P). For simplicity we assume Var [An] = Var [Bn] =: vy,
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Vn € N. Consider the random Fourier series
X :Qx[0,21] > R, X,(0)= A+ Z (Ap(w) cos(nb) + By (w) sin(nd) ). (1.2.2)
neN

Kolmogorov’s one-series theorem shows that if
S E[AL]+D E[Br] =2) v, <o,
n n n

then, for any 6 € [0, 27] there exists a negligible subset Ny C € such that Vw € Q \ Ny the
series

Z (Ap(w) cos(nb) + By (w) sin(nb) )
neN

is convergent. We could redefine X (6) on Ny to be 0 and we get indeed a family of random
variables on {2 parametrized by 6.

The covariance kernel of this random function is
K, p) = Zvncos (n(0—¢)).
n>0

However, in our applications we would like the sample functions 6 — X,,(6) to be well behaved
for most w and the above approach may prevent this from happening since the set

U
0

need not be negligible. For the applications we have in mind a less sophisticated ad-hoc
approach will suffice. Here is a taste of this approach.

The functions uy, () = sinnf and v, (#) = cosnfd belong to the Banach space C([0,2n])
with sup-norm || — ||. Moreover ||u,| = ||vn]| = 1, ¥n. For the series to converge a.s. in
C([0,2n)) it suffices that the series

> (14l +Bal)

neN

be a.s. convergent. For this to happen it suffices that
> P[|An] > 1/n? ] + > P[|Bn] > 1/n*] < oo
n n

Indeed, if the above inequality holds, then we deduce from the Borel-Cantelli lemma that
P[|A,| > 1/n*i0.] =0=P[|B,| > 1/n’i.0.].
Thus for w outside a negligible set we have
|Ap(w)| < 1/n? and |B,(w)| < 1/n?,

for all but finitely many n’s.

Thus, the coefficients A,, and B,, are highly concentrated near 0 for n large, thus they
are very likely to be very small and we could expect that the random Fourier series describes
a function that a.s. continuous. O
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1.2.2. Gaussian random fields. Let U be a finite dimensional real Euclidean space and
T. A Gaussian random field is random field X : (Q,8,P) x T'— U such that, for any finite
subset F' C T, the random vector ( Xp(t) )teF c UY is Gaussian.
Definition 1.2.8. Let X : (©,8,P) x T'— U be a Gaussian field on the set T'.
(i) The Gaussian field X is called centered if X (t) is a centered Gaussian vector for
any t € T

(i) We say that X is ample® if the Gaussian vector X (t) € U is nondegenerate for any
teT.

(iii) Given k € N, we say that X is k-ample if for any distinct points t1,...,t; € T, the
Gaussian vector
X(t) e @ X(ty) € U"
is nondegenerate.
(iv) The Gaussian field X is called or co-ample if it is k-ample for any k € N.
(v) When U = R we say that X is a Gaussian function.

O

Example 1.2.9. The random function Z ( 2+sint ), Z standard normal random variable, is
ample but not 2-ample since it is periodic. The random function Z sint is not even ample.0

Suppose for simplicity that U is equipped with an inner product. For any finite subset
F C T distribution of the random vector X g is uniquely determined by its mean and variance.

The mean is the function
T>t—E[X(t)] €U.

The variance of Xp is a symmetric operator Var [XF] U S U IfF = {t1,...,tn},

then Var [X F} has the block decomposition
Var [XF] = (K(ti,tj))

1<i,j<n
where
K(ti, t;) = Cov [ X (t;), X (t;) | € Hom(U,U).
The resulting function
K:T xT — Hom(U,U), (s,t)+— K(s,t)

is called the covariance kernel of the Gaussian field X. Recall that Q(J; denotes the collection
of finite subsets of T'.

Proposition 1.2.10. Let U be a finite dimensional Euclidean space, T a set and K a map
K:TxT — Hom(U,U).
The following are equivalent.

(i) There exists a centered Gaussian field X : Q x T — U with covariance kernel X.

3We use the term ample since this property closely related to the ampleness condition in algebraic geometry. Many
authors refer to ample fields as nondegenerate
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(ii) For any F € 2T C T the operator
Kp:U" - U",

given by the block decomposition (JC(f, f’)) s symmetric and nonnegative.

f'er

Proof. The implication (i) = (ii) follows form the fact the variance of a centered Gaussian
measure on UY is a symmetric nonnegative operator.

Suppose that K satisfies (ii). For any finite subset F' C T we denote by I' the centered
Gaussian measure on UY with variance Varp = Kp. The collection T' r, F € Qg is projective
in the sense of (1.2.1). Invoking Kolmogorov’s existence theorem we deduce that there exists
a unique probebility measure I'r on UT such that, YF € Qg,

Lp = (rp)sI'r
where 7mr denotes the natural projection. The random field
Ev:U'xT - U, (u:T —U)— Evi(u) = u(t)

is centered Gaussian with covariance kernel K. O

If T is a metric space and the map ¢ — X(t) is continuous in probability, then the
covariance kernel X is a Mercer kernel in the sense of Definition 1.1.58.

Example 1.2.11. Suppose that T' = [a1,b1] X -+ X [an,bp] CR" and X : Q@ x T — U is
a centered Gaussian field such that the covariance kernel (s,t) — XK(s,t) is Lipschitz. For
s,t €T, X(t) — X(s) is a Gaussian vector with variance operator

Agp = Var [ X(s) — X(t)] = K(t,t) — K(s,t) — K(t, s) — K(¢,¢)
Then, for any k£ € N we have
E[[X(s) = X ()] = (2k — 1)t r AF,
Observe that
[Asell < 1K@ 1) = K(s, )| + 1K (E, 5) — K(s, )]

since (s,t) — K(s,t) is locally Lipschitz we deduce that for any box B C ¥ 3C = C(B) > 0
such that

|Ast|| < C(B)|s —t|, Vs,te B.
Then
tr A¥, < (dim U)* || Ag, )"
We deduce that for k > n
E[[IX(s) = X(8)|[ < Culs — t/F < Cals — "+, Vst € B,

and Kolmogorov’s continuity theorem implies that the process admits a Holder continuous
modification if its covariance kernel is Lipschitz continuous. O

When X is Gaussian we can improve Kolmogorov’s continuity result, Theorem 1.2.6.
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Theorem 1.2.12 (Dudley). If T is a compact subset of a Euclidean space R and there
exists C' > 0, and a > 0 such that

E[|X(s) - X)) < —C

< Vs, t €V,
| log|s —t|

14+a?

then X admits a modification that is a.s. continuous. O

For a proof of this result we refer to [1, Sec. 1.4], [48] or [150, Chap.1].

We can use the above result to produce sufficient conditions guaranteeing that the above
Gaussian field is a.s. C*, but they tend to be cumbersome; see e.g. [1, Thm.1.4.2]. Let us
first sketch the broad contours of the argument in [1, Thm.1.4.2].

In order not to be distracted by heavy formalism we consider only the case n = 1 and
dimU = 1 so that X is a Gaussian function of one real variable t.

Note that if X is to be a.s. C, then, as t — tg, the difference quotient ﬁ (X(t)—X(to))
needs to converge in probability and thus in any LP. The derivative X'(¢) is also a Gaussian
function and we have

E[X'()X(s)] = 0,K(s,t), E[X'(£)X'(s)] = 92,K(s,t) (1.2.3)

so K is at least twice differentiable in certain directions. To keeps things simple we assume
that X is C2. Note that for tg,#; € R and hg, hy € R\ {0}

JMEHXﬁm+%%aﬂmn@mm+hn—X@g”
= holhl (CK(to + ho,t1 + h1) — K(tg + ho,t1) — K(to, t1 + h1) + x(to,h))

1 t1+h1 t1+h1
= < / 8513<(t0 + h(), 81)d81 - / 8319<(t0, 31)d31 )
hohi \ Jy, t

1 tith to+ho ,
- 02, o K(s0,51)d )d
hohy /t1 (/to 50,51 (s0,51)dso )ds1

= (95 s X So,Sl)dS()dSl =X to,ho;tl,hl .
hoha [to,to+ho] X [t1,t1+h1] . ( ( )

The covariance kernel X : (R x R* )2 — R extends by continuity to a Mercer kernel

X:x2 5 R, X:=R2

This defines a Gaussian field on R? and, if the kernel X is locally Lipschitz, then X is a.s.
C'. This happens for example when X is C3. More generally, if X € C**1, then X is a.s.
C*. A similar results holds if X depends on several Euclidean variables.

Definition 1.2.13 (Jets). For any function f € C*(#) we define its /-th jet at v to be the
vector

Jef(v) = f(v) ® Df(v) @ - & D'f(v),
where DFf(v) denotes the k-th order differential of f at v viewed as a symmetric k-linear
form on V. g
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Theorem 1.2.14 (Nazarov-Sodin). Fiz £ € Ny and o € (0,1). Suppose that ¥ is an open
subset of R™ and X : Q x ¥ — R is a centered Gaussian function with covariance kernel XK.

Assume that
K e CH*2(V x V).

Fiz a ball B C ¥, r < dist(B,07) and set
By, :={ve¥;dist(v,B) <r}.
Then the following hold.
(i) The random function X is a.s. CH®.
(ii) The L-th jet J, X (v) is a Gaussian vector for any v € V.
(iii) For every closed ball B C ¥ and for every compact set S C ¥ that contains B in

interior, there exists a constant C = C(vol|B],r,m,{,a) > 0 such that

E[ X[l ceacs ]| < C|| X ||t (1.2.4)

C2£+2(B+TXB+T)>

where C*% denotes the spaces of functions that are k times differentiable and the
k-th differential is Hélder continuous with exponent .

O

For a proof we refer to [107, Appendix A.9].

Definition 1.2.15. Fix £ € N and 0 < k < £. Suppose that V is an open subset of R and
X : Q xV — Ris a centered Gaussian function that is a.s. C*. The random functiion is said
to be Ji-ample if, for any v € V the Gaussian vector J; X (v) is nondegenerate. O

Example 1.2.16 (Random linear combinations of maps). Suppose that T' = R and (X )o<k<n
are independent standard normal random variables. Then

X(t) =) Xit"
k=0

is a centered Gaussian random function. It is a random polynomial of degree < n so it is a.s.

continuous. Its covariance kernel is the function
n

K:RxR—=R, K(s,t)=> (st)".
k=0
(b) Suppose that U is a finite dimensional Euclidean space, T is a metric space and
fl,...,fN:T—>U
are continuous functions satisfying the geometric ampleness condition

vte T, span{ fi(t),...,[n(t) } =U.

If Xy,..., Xy are independent standard normal random variables, then

X(t) =Y Xpfr(t)
k=1

is an ample continuous Gaussian field. g
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Example 1.2.17 (Random trigonometric polynomials with given Netwon polyhedron). De-
note by T™ the m-dimensional torus T = R /(27Z)™. For ¢ € Z™ and 6 € R™ we set

(£,0) == 101 + - - + L,

and

‘f} = max |0k

Fix N € N and a convex polyhedron P C R™ satisfying the following properties.
e The vertices of P are lattice points, i.e., points in Z™.
e The origin is contained in the interior of P, 0 € int P.
e The polyhedron is symmetric with respect to the origin, i.e., x € P<—= —x € P.
Denote by < the lexicographic order on R where & < y iff there exists j such that z; < y;

and x; = y;, Vi < j. The lexicographic order is a total (linear) order and ¢ < y<—=—y < —=x.
Fix independent standard normal random variables

Ag‘, BE, {0, k>0

and set .
A07 l= 07
Zlﬁ‘: %(A[—’LB[), f:>- 0,
L(A_p+iB_g), I=0.

We denote by Py the dilated polygon Py = N - P. We have a random trigonometric
polynomial

Xn@=>" Z 00 = Ay + > V2( Apcos(l,0) + Bysin(l,0)). (1.2.5)
ZEPN [GPN
750

The Newton polyhedron of Xy is a.s. Py.

The random trigonometric polynomial Xy (6) is a centered Gaussian function with co-
variance function

ZEPN [EPN

If we set 7:= 0 — J we deduce

K(0,8)= > m (1.2.6)

Note that 7+ Sy(7) is an even function. For any multi-index a € ZT, and any € R"

m m
la| == Zaj, = H .
j=1 k=1

we set

We have
02Sn(0) = > dlole, (1.2.7)
lePN



1.2. Gaussian fields 43

Using Riemann sums one can show that

lim — —z'o“ a: “dx .
N—o0 Nm+|a\

S
We can be a bit more precise. The results in [26] show that
925N (0) = gl N™Hely [ P](1+O(1/N)) as N — . (1.2.8)
We deduce that
Var [ Xn(0)] = X(6,6) = Sn(0) = N™vol [P](1+ O(1/N)).

—

Hence Xy (0) is nondegenerate for any g'if N is sufficiently large. In other words X is ample
for N > 0.

The random trigonometric polynomial Xy is C*. If ey,..., ey, denotes the canonical
basis of R™, then we have a.s.

99, Xn(0) = lim Xn(0+ he;) — Xn(0)) (1.2.9)

h(
The variables in the right-hand-side of the above equality are Gaussian. Hence the limit is
also Gaussian and the convergence to the limit holds in any LP, p € [1,00). This proves
that the gradient VX (0) is an R™-valued Gaussian field. Then same argument shows that
Xn, VX are jointly Gaussian.

If |af is odd, then 09Sn(0) = 0 since P is symmetric with respect to the origin. The

equality (1.2.9) implies that
Cov [ 99, Xn(0), Xn () ] = 0, Sn(0) =0

so that Cov [Xn(g), VXN(H)] = 0. Thus Xy () and VX x(6) are independent for any 6.

The covariance kernel of VX x () and VX (@) is given by the linear operator

XV(0,9): R" - R™
described by the m x m matrix
KV (0, B)ij = E[ 99, XN (0)0p, XN ()] = 00,05, K(0, ).

The variance operator Var [VX N (5)} is described by the symmetric m x m with entries

09,0,K(0, 8 ) 55 = =07, SN (0) ~ pyj [ PIN™? ‘s N — o, (1.2.10)

TTJ
where

,Uij[P] = / x;xjd.

P
The matrix of moments
M(P) := (pi;| P )1§z’,jgm (1.2.11)

is the Gramian matrix of the functions ¢; : P — R, ¢;(z1,...,2m) = x;, i = 1,...,m, with
respect to the inner product in L?(P,A). These functions are linearly independent since

the interior of P is nonempty. Thus the matrix M (P) of moments is invertible. From the
asymptotic equality equality

—

Var [VX,,(0)] ~ N""?M(P) N — oo (1.2.12)
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the Gaussian map V Xy is ample for all N sufficiently large. In particular, this also shows
that Xy is Ji-ample if IV is large.

A similar argument shows that for any k£ € N, Xy is Jy-ample if IV is sufficiently large.
O

1.2.3. Gaussian fields and Gaussian measures. The concepts of Gaussian fields and
Gaussian measures are intimately related. In this subsection we describe mainly through
examples different facets of this relationship.

Example 1.2.18. Suppose that M is a compact metric space.
Suppose that I' is a Gaussian measure on F' = C(M). We obtain a probability space
(F,Bp,I') and a random Gaussian function
E':FxM =R, (fx)— Ej(z) =Evy(f) = f(z).

This is a centered Gaussian random Gaussian function that is, tautologically, continuous,
i.e., for any f € F' the sample map x — f(x) is continuous. Since the map ET is continuous
it is also Borel measurable so the associated random function is measurable in the sense of
Definition 1.2.3.

The covariance kernel of this random function coincides with the covariance kernel of the
Gaussian measure I' constructed in Example 1.1.59. In particular, it is a Mercer kernel

K':Mx M —R=Er|[Ev,Ev, |.

Let us point out that the Gaussian measure I' can also be viewed as a Gaussian random
function on F*
T Fx F* 5 R, Os(¢) = (¢, f).
There is a natural map M — F*, Ev: M — F* 2+ Ev,. The random function E' is the
pullback of ®' by Ev,
E"'(z) = ®"( Ev, ).
Conversely, suppose that
U:(Q,8,P)x M =R, (wt)— ¥y(x)

is a centered Gaussian random function that is a.s. continuous. Thus there exists a negligible

subset N € 8 such that, Yw € Q \ N the function M > z — ¥, (x) is continuous. Modify ¥

so that ¥, : M — R is identically zero for w € N. We obtain a measurable map
P:Q0—-RY Q5w+~ X, eRT,

whose image is contained in C(M). Since the Borel sigma-algebra of F = C(M) is the

restriction of the product sigma-algebra ’Bﬁ{[ we deduce that ¥ defines a measurable map
U:(Q,8,P)— (F,Br), wU,,.

We will show that p = W4P is a Gaussian measure on F'.

Denote by £ the subspace of F* spanned by the evaluation maps Ev,, x € M. The ran-
dom function ¥ is Gaussian so, for any finite subset {x1,...,2,} C M and any ¢1,...,¢, € R,
the random variable ¢; ¥ (t1) + - - - 4+ ¢, ¥(¢,,) is Gaussian. In other words, if

fZZCkEVtk S

k=1
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then (£, ¥) is Gaussian, i.e. {xp is Gaussian. Since 0(£L) = o(F*) = Bp, we deduce from
Corollary 1.1.49 that p is centered Gaussian. By construction, the processes (\I'(a:) )m ey and
(EF<H?) )J:EM have the same distribution.

Arguing in a similar fashion one can show that if U is a finite dimensional Euclidean
space, then any a.s. continuous centered Gaussian field ¥ : M — U determines a centered
Gaussian measure I" on the Banach space C'(M,U) and conversely, any Gaussian measure
on this Banach space is determined in this fashion.

In this case for any z € M and u* € U we have an evaluation map
Ev,- : CM,U) =R, [~ (f(a:),u*),

where (—, —) denotes the inner product on U. The sigma-algebra generated by these con-
tinuous functionals generates the Borel sigma algebra of C(T',U). For any xg,z1 € M, the
covariance operator

qu/(.iCl,CC[)) U —-U
is uniquely determined by the equality

(uh fK\I/((El, 1’0)11,0) = EF[ val|u1 vao|uo ] = COVF [ EV:L‘1|u17va0\u0 ]7

Yug,u; € U. O

Example 1.2.19. Let M be smooth, compact connected m-dimensional submanifold of a
Euclidean space U. Denote by g the induced metric on M and by vol, the volume measure
determined by g. Set F = C°(M). We can use the metric to define a sup-like norm on
C1(M) and we denote by F the resulting Banach space.

The inclusion F'; — F' is continuous. Suppose that I' is a Gaussian measure on F';. We
obtain as before a Gaussian process

E':FixM =R, (f,z)— Ev.(f)
It is tautologically C' and its covariance kernel coincides with the covariance kernel of the

Gaussian measure I'.

Conversely, any centered Gaussian C'-field ¥ : Q x O — R determines as in Exam-
ple 1.2.18 a Gaussian measure I' on F'; = C'(M) such that the processes (\Ifx) and

(E"(z) )weM have the same distribution.

zeM

Their common distribution is determined by the covariance kernel X of W,
K:MxM—=R, K(zo,z1) =E[U(20)¥(z1) |.

Fix two tangent vectors v; € T,,M C U, i = 0,1. Let us observe that the directional
derivatives 0y, ¥ (zo) and 0,, ¥(x;) are jointly Gaussian.

To see this choose smooth paths «; : (—1,1) — M, i = 0, 1, such that
7i(0) = zi, %i(0) = v;.
Then
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The random vectors on the right-hand-side are Gaussian and converge pointwisely the left-
hand-side. We deduce from Proposition 1.1.31 that this convergence is in any LP, 1 < p < 0o
and the limit is also a Gaussian vector. Moreover

B[00, W(r0)¥(e1) ] = Jim 5 (B[ W(o(n)¥(a1)] — B[ ¥(ro)¥(ar)] )

= }L{}% (K(vo(h), 1) — K(z0,21) ) = OueK (20, 21).
Arguing similarly we deduce
E[ 9y ¥ (20)00, (1) | = Oy, K(z0, 21). (1.2.13)
O
Example 1.2.20. Consider a random Taylor series of the form
X:Qx[-1L,1] 5 R, X(t) = Aoco+ Y Ancafult), (1.2.14)

n>2

where the coefficients A,, are independent centered Gaussians, f,(t) = t", and the positive
real numbers cg, co, .. ., satisfy
D e < o (1.2.15)
n>2
Note that

sup |fn(t)] <1, Vn.
te[—1,1]

We deduce from Proposition 1.1.57 that the random series (1.2.14) converges a.s. in the
Banach space Fg = C ( [—1,1] ) and defines a Gaussian measure 'y on this space. In particular
X is a continous Gaussian random function.

The Stone-Weierstrass theorem shows that

V =span {1, fo(t), f3(t),... }
is dense in this Banach space. Proposition 1.1.57 implies that the induced Gaussian measure
is nondegenerate. Proposition 1.2.23 implies that X is k-ample, for any k € N.

Suppose now that the sequence (¢,) satisfies the more stringent requirement

> nen < 0. (1.2.16)

n>2
We have

sup ‘f;(tﬂ <n, Vn,
te[—1,1]

we deduce from Proposition 1.1.57 that the random series (1.2.14) converges a.s. in the Banach
space F'1 := Cl( -1, 1]) and defines a Gaussian I'; measure on this space. This Gaussian
measure is degenerate since P[ f/(0) # 0] = 0.

If we denote by £ the span in F* of the linear functionals Evy, ¢t € (—1,1), then
(L) = Bp. Moreover, any £ € £\ {0} is a nondegenerate Gaussian random variable since
I’y is nondegenerate. On the other hand, the linear functional {y € F7 given by & (f) = f'(0)
is degenerate. a
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Theorem 1.2.21. Fix ¢ € Ny and « € (0,1). Suppose that V is an open subset of R™ and
X :QxV =R is a centered Gaussian function with covariance kernel K. Assume that

K e CH*2(Vx V).

Then X is a.s. C%* and for every p € [1,00) and every box B C 'V there exists a constant
Cp = Cp(B,V, ¢, ) > 0 such that

p+1
E[IX]| < Cpl| K | ez (1.2.17)

Ctop) )

where C* denotes the spaces of functions that are k times differentiable and the k-th differ-
ential is Holder continuous with exponent c.

BxB)’

Proof. For simplicity, we denote by || — || the norm || — [[t.a(p) and we set

Z(K) := H:KHCQ”?(BXB)'

According to (1.2.4) there exists a constant C' = C'(B,V, ¢, «) > 0 such that
E[|IX]] < CZ(K)2
From Markov’s inequality we deduce that
CZ(K)/?
p[Ix| > ¢) < AT
If we choose g := 4CZ(K)/?, then we deduce that

1
P[|IX]|>ro] < T

The restriction X |p induces a Gaussian measure I' on C%®(B). Fernique’s inequality (1.1.31)
applied to I' shows that there exists a universal constant 8 > 0 such that

,ﬁf 5 52
P[|X] >7) <rge = roe” A", A:r—Q.
0

Then N .
B{IXI7) =p [ B[IX0 > r)ar <pro [ 77 A
0 0

(s =Ar? r = T)

_ pro [T P/2=1,=5 g — O P
- 24r/2 |, P

=I'(p/2)
O

Definition 1.2.22. Suppose that M is a compact metric space, U a finite dimensional
Euclidean space and ¥ : Q x M — U is a continuous Gaussian field. We say that U is
strongly nondegenerate if the induced Gaussian measure I'y on the Banach space C°(M,U)
is nondegenerate. O

Proposition 1.2.23. Suppose that ¥V : Q x M — U is a strongly nondegenerate continuous
Gaussian field. Then ® is co-ample, i.e., it is k-ample for any k € N.
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Proof. Let x1, ...,z be k distinct points in M and © € U* an open set. The map
Evy, .z CO(M,U) - U, F s (F(21),...,F(xg))

is continuous so O = Ev;! (0) is an open subset of C°(M,U). If we denote by 'y the

L1y Th

Gaussian measure on C°(M,U) induced by ®. Then
P[(W(z1,...,¥(z)) €0] =Ty [0] >0

since I'y is nondegenerate. O

1.2.4. Random series. Historically, the first random functions were constructed as random
Fourier series or random Taylor series, [78]. For Gaussian functions this not just a peculiar
way of constructing them. It is a feature of this class of random functions as most of them
have a description as sums of random series. More precisely we have the following result,
[21, Thm. 3.5.1].

Theorem 1.2.24. Sppose that T" is a centered Gaussian measure on a separable Fréchet space
X with Cameron-Martin space Hr. Denote by X+ the closure of X* in L?>(X,T). The map
T{ : Xt — Hr in (1.1.34) is a surjective isometry. For any h € Hp we set

b= (TF) 'he Xt C L*(X,T),

Fiz a complete orthonormal system (hy)nen @n Hp. Then there exists a T'-negligible subset
N C X such that for any x € X \ N

x = Z T () o,
neN

where the above convergence is in the topology of X. O

The goal of this subsection is elaborate on this result and see how it looks in concrete
situations.

Let T be a compact metric space. The distribution of the (centered) Gaussian function
onT
UV:QxT =R, (w,t)— Pyu(t)
is uniquely determined by its covariance kernel
K:TxT—R, Kz,y) =E[¥(z)¥(y)].

Note that K satisfies the following conditions.

(i) K(s,t)=K(t,s), Vs,t €T.

(ii) For any ti,...,t, € M the symmetric matrix (K(ti,tj))

definite.

1<ij<n 18 nonnegative

Conversely, Kolmogorov’s existence theorem shows that any function K : T x T — R
satisfying (i) and (ii) is the covariance kernel of a centered Gaussian function ¥ on M.

Proposition 1.2.25. The following are equivalent.

(i) The Gaussian random function V is stochastically continuous; see Definition 1.2.3.

(ii) The covariance kernel is continuous.
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Proof. (i) = (ii). If (sp,tn) — (s,t), then ¥(s,) — ¥(s) and ¥(t,) — ¥(¢) in probability,
and thus also in L2. We deduce that

lim K(sp,tn) = lim E[U(s,)U(t,) | =E[U(s)U(t) | = K(s,1)

n—o0 n—o0

(ii) = (ii) Note that
E[(U(tn) = W(t))*] = K(tn, tn) — 2K (tn, ) + K(t,t) = 0 as n — oo,
0

Thus, if ¥ is stochastically continuous its covariance kernel is a Mercer kernel. If K
satisfies additional conditions such as the one in Dudley’s Theorem 1.2.12, then ¥ admits a
modification that is continuous. In particular in this case K is continuous and thus it is a
Mercer kernel.

Let us point out that not every stochastically continuous Gaussian function admits a
continuous modification; see e.g. [1, Cor. 1.5.5] or [17]. However, if we know a priori that ¥
is a continuous Gaussian function, then this Gaussian function can be described as the sum
of a certain random series of functions. Here are the details.

Denote by F' the Banach space C(T') and let F'; C F be a subspace equipped with a
norm that makes it into a Banach space and the inclusion F'; — F' is continuous. E.g., F';
could be C1(T) if T were a compact smooth manifold.

Suppose that

UV:QOxT =R, (w,z)— Uy,(x)
is a centered Gaussian function such that, Vw € Q the functions ¥,,(—) belongs to F';. Denote
by K its covariance kernel. In particular, K is a Mercer kernel.

Arguing as in Example 1.2.19 we deduce that ¥ defines a Gaussian measure I" on F;
whose covariance kernel coincides with the covariance kernel of W. Moreover, for any s € T
the function K : T — R, K4(t) = K(s,t) belongs to F.

Let Hr denote the Cameron-Martin space of I'. Recall that Hr C F'1. As explained in
Appendix B.5, Hr is the closure of the vector space

span {KS; ERS T}
with respect to the inner product
(K, Ki) = K(s,t), Vs,teT.
Equivalently, if we denote by Hy the closure in L?(£2, 8, IP) of the span of the random variables
(w(t) )teT, then the map
Hy > V(t) — Ky € Hr
induces a Hilbert space isomorphism Ey, : Hy — Hr; see Example B.5.5. For each h € Hr we
denote h the unique random variable in Hy that corresponds to i under this isomorphism.
More formally, h = E'(h). The space Hr is separable. If (hy,),en is a complete orthonormal
basis of Hr, then (hn) is a sequence of independent standard normal random variables in
L?(,8,P).

We then have the following nontrivial probabilistic result.
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Theorem 1.2.26 (Karhune-Loeéve expansion). Suppose that (hy)nen is an orthonormal basis
of Hr. Then the random series of functions in Fy

Sw) =Y hn(w)hy
n>1

converges a.s. in the norm of F1 and it is a.s. equal to V. O

For a proof we refer to [1, Thm. 3.1.1], [69, Thm. 2.6.10], or [148, Thm. 4.1.1].
Using the covariance kernel of W one can explicitly describe an orthonormal basis of Hr.

Fix a diffuse finite Borel probability measure g on T'. Recall that this means that
H[U ] > ( for any open subset of T'. Suppose that K is an arbitrary Mercer kernel on T'.
As described in (1.1.35), the covariance kernel K defines a symmetric nonnegative definite
integral operator

(Kl : L*(T, p) = L*(T, ).

This operator is compact, symmetric and nonnegative. Each nonzero eigenvalue is positive
and has finite multiplicity. Let (A,)n>1 be these nonzero eigenvalues repeated according to
their multiplicities. We choose an orthonormal system of L?(M, ) consisting of eigenfunc-
tions of K], corresponding to these nonzero eigenvalues

1, m=n,

(Wnnens [Klutbn = A, /T¢n<t>¢m<f>ﬂ[dﬂ:5m:{o m 4 n.

Since [K],(L*(T)) C C(T) we deduce that each 1, is continuous.

Theorem 1.2.27 (Mercer). The following hold.

(i) The series
> At (8)tn(t)

n>1
converges uniformly and absolutely to K(x,y).

(ii) The operator [K], is trace class and

tr[K]y = An = /TK(t,t),u[dt].

n>1

(iii) The collection (en = \/Ewn)neN is a complete orthonormal basis of the RKHS
space Hy determined by K. In particular, if K is the covariance kernel of a Gauss-
tan measure I' on F1 as in Theorem 1.2.26, then this collection is a complete
orthonormal basis Hr = Hg .

(iv) A function
f(t) = Z Cn"/)n(t) € LZ(Ta :u)

n>1

Z§—<oo.

n>1""

belongs to Hy iff

S
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For a proof we refer [129, Prop.11.8, Thm. 11.18].

Example 1.2.28. It is instructive to see how this works in a simple yet fundamental example.
Let

K :]0,1] x [0,1] = R, K(s,t) = min(s,1).
It is clearly continuous and symmetric. It is nonnegative definite since
K(s,t) = (I[QS],I[OM )LQ([OJD, Vs, t € [0, 1].
It defines a centered Gaussian process X : (£2,8,P) x [0,1] — R satisfying
E[X(s) — X(#)|*] = K(t,t) — 2K (s,t) + K(s,5) = [t — 5.
According to Kolmogorov’s continuity theorem it admits a continuous version. This version

is the Brownian motion.

Let us find the eigenvalues of [K] = [K]pep, where Leb denotes the Lebesgue measure.
The equality [K]i) = A\ reads

t 1
A (t) :/O sw(s)ds—i—t/t Y(s)ds, Vte[0,1] ¢ e L*([0,1]). (1.2.18)

If A = 0 we deduce from Lebesgue’s differentiation theorem that ¢ = 0 a.e. so ker[K] = {0}.
If A > 0 we deduce from (1.2.18) that ¥ € C* and ¢(0) = 0. Derivating (1.2.18) we
deduce

1
MY/ (t) = t(t) — t(t) + / (s)ds, (0) = 0.

Derivating again we deduce that

so that

P(t) = Asin(ut), p:= \%

If sin ut is an eigenfunction, then for any ¢ € [0, 1] we have the equality

1 t 1
—5 sinut = / ssin(us)ds + t/ sin(us)ds
H 0 t

t 1 [t t 1 1 COS [t
= ——cos(ut) + — [ cos(pus)ds + — cos ut — — cos p = —; sin it — .
u w Jo u u u 7
This implies cos 4 = 0, i.e., u = (n — %)ﬂ', n € N. Thus the spectrum of K is
4
A= ———55, €N
" (2n —1)272 "

and consists of simple eigenfunctions

1
Y (t) = sin ((2n — 1)7t/2), /0 U (t)2dt = %

The RKHS space Hg consists of functions f € C?([0,1]) N L?([0,1]) such that f(0) = 0

and
Zn2‘ (fa¢n)L2‘2<oo-

neN
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We recognize above the square of the norm of the Sobolev space L'2([0,1]) consisting of
absolutely continuous functions with L? derivative. Hence

Hi = {feL?([0,1]); f(0)=0}.
If (X,)nen is a sequence of independent standard normal variables, we deduce from Theorem

1.2.26 and Theorem 1.2.27 that the random series

2v/2sin ((2n — 1)7t/2)
2 Xn (2n — )7

n>1

converge a.s. in L1? and, in particular uniformly on [0, 1]. The limit is the Brownian motion.
O

We conclude this subsection with a simple application of Mercer kernels that we will use
in the future.

Proposition 1.2.29. Let (M,g) be a smooth compact connected m-dimensional manifold
and

K:MxM-—R

a Mercer kernel on M. Set pu := voly. Suppose that for some £ € N the operator [K],, induces
a continuous operator

(K, : L2(M, ) — C*(M).
(This happens if, e.g., K € C*(M x M).) Let (Ay)n>1 be the nonzero eigenvalues of [K],
repeated according to their multiplicity and let (1) be an orthonormal system of eigenfunc-
tions corresponding to these eigenvalues. Fix a sequence (X, )nen of independent standard
normal random variables. Then the following hold.

(i) For anyn € N, 1, € C*(M) and

C:= Sug Allvonlloeary < oo (1.2.19)
ne
(ii) The random series
> XnArtn (1.2.20)
n>1

converges a.s. in C*(M).

Proof. (i) Note that

= Aimn c (M),

If we denote by C the norm of the bounded operator [K], : L2(M, u) — C*(M) we deduce
that

Mllnllceany = K wnllceary < Clivnll Lz = C-
(ii) We deduce from (i) and Theorem 1.2.27(ii) that
Z Aol ceqary < CZ An < 00.
neN neN

The conclusion now follows from Proposition 1.1.57. g



1.2. Gaussian fields 53

Remark 1.2.30. Proposition 1.2.29 is more restrictive than Theorem 1.2.26, but it does not
require the a priori knowledge that K is the covariance kernel of a Gaussian C*-function on
M.

The covariance kernel of the Gaussian C*~-function defined by (1.2.20) is K**, where K*"
is defined inductively as

K (z,y) = (K« K ) (z,y) :2/ K™ (2, 2)K (2, y)p[ dy].
M

If we apply Theorem 1.2.26 to the kernel K** we obtain Proposition 1.2.29. However, we
could do this only because Proposition 1.2.29 guarantees that K ** is the covariance kernel of
a Gaussian C*-function. O

Example 1.2.31 (Random Fourier series). Consider the m-dimensional torus T™ := (R/Z )"

equipped with its flat metric. Denote by § = (61,...,0™) € (R/Z)™ the resulting angular
coordinates. The Laplacian? of the flat metric g; = (df')? +-- -+ (d6™)? on T™ has the form

A=->"0;.
i=1

We set ug = 1 and, for £ = (1,...,0n) € Z™\ {0}, we define uzve s R™ — R

—

uz(g) = V2 cos 27 ([, 6), vy = V2sin 2 (7, 6).

These functions are eigenfunctions of the Laplacian operator

A=Y .
j=1

More precisely,

Consider as in Example 1.2.17 the lexicographic order < on R™. The collection
{ug vy LkeZ™ k=0, (=0}

is complete orthonormal system of L?(T™).

Pick an even Schwartz function a € §(R) such that a(0) = 1. We will refer to such a
function as amplitude. For R > 0 (meant to be large) set

— —

FR(§) = FR(@) = R*m/2<A0u0 +3 a(|2nl|/R)(ApuAf) + Bpg9)) ) (1.2.21)
70
where Ay Bp are independent standard normal random variables. Since a is even, the

function b(t) := a(/[¢|) is also Schwartz so R™ 3 & — a([¢]) = b([¢]?) € R is Schwartz
and O(m)-invariant.

4Throughout this book the Laplacian is the geometers’ Laplacian and it is a nonnegative operator.



1. Gaussian measures and Gaussian fields

54

Since a is a Schwartz function we deduce from Proposition 1.1.57 that the above series

converges a.s. in any C*(T). If we define Zy by

A07 Z: 07
Zp= 55 (Ag—iB;), (-0, (1.2.22)
Z 0=<0.
then we have
R6) = Z (|2xZ|/R)Z200). (1.2.23)
ezm™

Since af |27/ /R) decays very fast as |€\ — oo we deduce from Kolmogorov’s two-series

theorem that for any v € N the random series
> a(12rl/R) Ml eglIEw oy
lezm
converges a.s. and thus the series
> a([2nl]/R) Zyey
lezm
converges a.s. in C”(Tm). In particular, this shows that the Gaussian function F is a.s

smooth. Its covariance kernel is
=R Y a(|2rll/R)% D (1.2.24)

CH(P+7.¢) =
lezm
Define wq = wqm : R™ = R, wqe(§) = a( €] )2, and denote by w, the Fourier transform of wy,

@) = | e a(le) g

Using Poisson’s summation formula (B.2. 6) we deduce

GR(()O+T ?) ym Z wa
kezm

)R). (1.2.25)

Observe that CF is the Schwarz kernel of the smoothing operator a( VA )2, h=R™' and

thus the associated Gaussian function is a.s. smooth.
For example if a(t) = e /4, then w, = ¢ 1¢I*/2 and we deduce from Proposition 1.1.15

that
~ m/2 —|¢l2 >, _R2|f—7
Wo(x) = (2m)™2e 6112 el(g g) = Z o B2 |k—7?/2
kezm

We can think of F either as a function on T™, or as a Z™-periodic function of R™. If we

formally let R — oo in the equality
R™PES (@) =) a[2nl]/R) Zed6)
lezm
we deduce
- ?
Woo(0) = lim R™2F0) = > ZeAh).

R—o00
lezm
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The series on the right-hand-side is a.s. divergent but we can still assign a meaning to W,
as a random generalized function, i.e., a random linear functional

lezm
A simple computation shows that for any functions fy, f1 € C°(T™)

Cov [Woo(fO)ono(fl)] = Z (f0’€Z)L2(Tm,gl)(f1’€[)L2(Tm,gl) - (fo’fl)L2(Tm,gl)'
Lezm
The last equality shows that W, is the Gaussian white noise on T™ driven by the volume
measure voly, ; see [67]. In other words, one could think of the family (WR = R™/ 2pR
as a white noise approximation.

)R>0

Here is another more geometric way of constructing FaR. For R > 0 meant to be large,
we denote by Ap the Laplacian of the metric gr = R2g;. Observe that

vol [M,gr] = R™vol [M,g1] = R™, Ap=R*A;.

Note that the torus (T™, ggr) is isometric to the torus R™/(RZ)™ so as R — oo it starts to
resemble® more and more like R” with the canonical metric. Set

ukg R~ m/2uk, v~ =R~ m/2v~

The collection
{uE, U?; EEO, F>—0}
is a complete L?(M, gr)-orthonormal system of real eigenfunctions of Ar. Moreover
Arul = \i(R), Apvl = MA(R)WE, \(R) = R7?| 2rk |?
Then . . 5
F(0) = a(0)Aoug’ (6) + Y a(M{R)'?) (A (8) + B (0)).
-0
Let me give an idea of the statistical meaning of the large parameter R.

Suppose for example that a is supported on the interval [—1,1] and even better, it is a
smooth approximation of the (discontinuous) indicator function I|_; ;). Then the random
series (1.2.21) is a random finite linear combination of eigenfunctions of the Laplacian on
T™ corresponding to the eigenvalues satisfying vA < R. To put it differently, the random
function R™/2FR defines a Gaussian measure I'g on the Féchet space C°°(T™) and the vector
space spanned by the eigenfunctions corresponding to the eigenvaluess A < R? is contained in
the support of I'r. As R — oo the the support of I'g increases and it covers more and more
of the space C*°(T™). Moreover, since a(A\/R) — a(0) as R — oo some of the bias towards
eigenfunctions corresponding smaller eigenvalues built-in the the definition of Ff starts to
dissipate and, intuitively, in the white noise limit we reach an unbiased sampling of all the
smooth functions on T™. This last claim is only a nonrigorous guiding motivation.

Finally let me give a third, functional analytic description of the function F.%.

As R — oo the Gaussian measure I'g converges in some sense to ', the Gaussian white
noise. This white noise in fact a measure of C~°°(T"), the topological dual of the Fréchet
space C°(T™). The elements of C~°°(T™) are commonly known as generalized functions, or

SFor centuries people thought that Earth was flat, i.e., it resembled R2.
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distributions. For a more in depth look at this aspect we refer to [67, Chap. III]. Consider
the smoothing operator a( h\/Z), h = R~'. Then
R™2FR = a(/A)W

where W is a generalized function with distribution I's. Note that when a(z) = e~ and

t = h'/2, then a( h\/Z) = ¢ A _ the heat operator. a

1.2.5. Stationary and isotropic Gaussian fields. Fix a centered, complex valued, ran-
dom function F : R™ — C that is L?-continuous, i.e.,

lim || F(s) = F(t) ||, =0, VteR™
In particular, the covariance kernel of F,
X=R"xR™—C, K(z,y)=E|[F(z)F(y)]
is continuous.
Suppose that G is a Lie group that acts on R™,
GxR™—-R" GxR">(g,x) > g-xeR™
We say that F' is G-invariant if for any x1,--- ,x, € R™ and any g € G the random vectors
(F(g-21),...,F(9-xn)) and (F(z1), -, F(zy))
have identical distributions.
A necessary condition for this to happen is
X(g-z,g9-y)=K(xz,y), VgeG, = yecR"

The first interesting case is when G is the group of translations G = ( R™ + ) The centered
random function F is called homogeneous or stationary if it is invariant with respect to the
group of translations, i.e., for any x1,--- ,x, € R™ and any t € R™ the random vectors

(Ft+x1),....,F(t+x,)) and (F(z1), -, F(xn))
have identical distributions. In particular
K(t+wt+y)=K(xz,y), Vt,z,ycR™
This happens iff and only if there exists a continuous function K : R™ — C such that
K(x,y)=K(x—y), Ve,y e R™. (1.2.26)

A centered random function on R™ is called wide sense stationary if its covariance kernel
satisfies (1.2.26). This imposes severe restrictions on K because for any x1,...,x, € R" the

hermitian n x n-matrix ( K (z; — x;) )1<ij<n has to be nonnegative definite.
The continuous functions K : R™ — C with this property are called nonnegative definite.

They have a Fourier theoretic characterization.

Theorem 1.2.32 (S. Bochner). Let K : R™ — C be a continuous function. The following
are equivalent.

(i) The function K is nonnegative definite.
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(ii) There exists a finite Borel measure pu on R™ such that

K@)= [ éuli]

O

For a proof we refer to [136, 1.24], [138, Sec. 1.4] or [146, Thm. 9.17]. The measure
u above is uniquely determined by the function K via the inverse Fourier transform in the
space of tempered distributions. It is called the spectral measure of the wide sense stationary
random function.

Observe that if F is a centered L?-continuous real Gaussian function, then F is stationary
iff it is wide sense stationary.

Example 1.2.33. Suppose that Z is a centered symmetric complex® Gaussian random vari-
able and ® : R™ — C is a nonzero continuous function. We obtain a random function
F(x) = Z®(x). A simple computation shows that if this function is wide sense stationary iff
there exist £ € R™ and A € C\ {0} such that ®(x) = Ae¥&®); see [161, Sec.7] for details.
The covariance kernel of this function is

K(x,y) = | A H6m ).

The spectral measure is ‘ A {255.

Consider now a simple linear combination of random functions of the above type
G(m) — Zl€i<€1’w> + Z2€7:<€27w>.

The random function G is wide sense stationary iff E[Zl Zz] = (. In this case the spectral
measure is

E[|Z1|2]5£1 +E‘ |Z2|2]6§2‘
The random function G is real valued iff & = —¢&1, Zy = Z;. In this case

1
G(t) =X COS<£1,$> —{—}/18111<£1,$>, AR= §(X1 — Y] )
O

Example 1.2.34. Consider the Gaussian real function Ff defined by (1.2.21) discussed in
Example 1.2.31. We recall that a : R — R is an amplitude, i.e., an even Schwartz function
such that a(0) =1 and

F@) = B2 Aguo + Y a( | 2702 |) (Apugdd) + Broyf)) )
-0
=R a(|20l|/R) Zgef0), eff) = 0,
lezm
We think of FF as a function on R™ that is periodic with respect to the lattice Z™. Equiva-
lently, we can think of it as a function on the m-dimensional torus T = R™/Z™. We have
seen in in Example 1.2.31 that is a.s. smooth. Its covariance kernel is given by (1.2.24)

el@,.¢)=R™ Y a(|2nl|/R)’ef0 — 3).
ZGZ’!YL

6See Definition 1.1.37.
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Hence FF is stationary and CE(7) = CE(7 + 7, §) is given by
ClF) =R™ Y a(|2nl]/R)*ef7).
lezm
If we set

plde] = par[de] == R > a(|2nl|/R)%, ;] de],

lezm
Ki'(7) = /]R e g p[de] = /R 6T g p[ dg].

Thus pq r is the spectral measure of this homogeneous random function.
We deduce from (1.2.25) that

CR@ = Y a(|2nl|/R)%e > = 37 Ko (E-A)R),

lezm kezm

we deduce that

where . .
Ky (x) = ——wa(x) = —— —iez) 2de.
(@) = () = g [ (]
We can rewrite this in a more conceptual form.
We introduce the lattice A = (27rR_IZ)m and its dual L = (RZ)m. We set « := TR
and we deduce
CR(R z)=RrR™™ Z a(w)zei<w’“’> = Z Kq(t—x). (1.2.27)
wEAR tELR
Note that fo( x, y) = Cf( R~ Yz —y) ) is the covariance kernel of the stationary Gaussian
function
vi(z) = Ff (R ')
that is periodic with respect to the lattice Lr = (RZ)™. Set
KEx) = Kf(O,m) = C’aR(R_lm).

We have
K@) - Ko(z)= ) Ki(z-t)
teLr\{0}
Since v, is a Schwartz function we deduce that
lim K=K, inCF(R™), Vk € N. (1.2.28)

R—o0

More precisely, for every ball B C R™, every £k € N, and every N > 0 there exists
C = C(k,N, B) > 0 such that

VR>1: ||K{— Kallge < CRY. (1.2.29)

O

The Gaussian function F': R™ — R is called isotropic if it is homogeneous and invariant
with respect to the natural action of the orthogonal group O(m) on R™. If Kp is the
covariance kernel of F' then there exists a one-variable function Kz such that

Kr(z,y)=Kr(lz—yl), Yo,y eR™
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Example 1.2.35. Suppose that a: R — R is an even Schwartz function such that a(0) = 1.
Consider the finite Borel measure p € Meas(R™)
1 2
M[df] = Ma[df] = Wwa,m(f))\[df]a wa,m(f) = a( ’f‘) :
Its characteristic function is the nonnegative definite function
) 1 1 ; 2
K — i) Tdge] = —— = / &) Alde]. (1.2
@) = [ Culae) = o) = g [ FEa(j)Alde). (1230

Clearly Kq(z) is an O(m)-invariant, real valued Schwartz function. Then Kq(x —y) is the
covariance kernel of a real valued, smooth isotropic Gaussian function ® = ®; on R™ with
spectral measure fi,.

A good example to have in mind is a(t) = e~**/4. Then a(t)? = e **/2, and

K,(x) = 1 / €i<£’m>€_§df - e_@
)= G Jen TR
Thus K is in this case the density of the canonical Gaussian measure I'y on R™. In this
case U(t) = We*t/?

Since wq,m > 0 in an open neighborhood of the origin, we deduce from [157, Thm. 6.8]
that if x1,...,xy € R™ are distinct points, then the symmetric N x N matrix

(Ka(xi — ;) )1§i,j§N

is positive definite. This matrix is the variance matrix of the Gaussian vector

(<I>a(a:1), Ce ,(I)a(:BN)).

Hence, for any distinct points x1,...,xy € R"?, the above Gaussian vector is nondegenerate.
In other words, ®, is co-ample in the sense of Definition 1.2.8.

Observe that for any multi-indices a € (Z>0)", |a| = |3|, we have

E(0°®q(2)0"®o(x) ) = 020) Koz — Y)loy

- [ e€ula), e =g
This shows that for any k£ € N and any € R" the variance the Gaussian vector ( 0°P4(x) )M: A

is the Gramian matrix of the functions (fo‘) with respect to the inner product in

la|=k
L?*(R™, g ). Since a(0) = 1 we deduce that the functions £* are linearly independent in
Lz(Rm, ,ua) so the determinant of their Gramian matrix is nonzero. Hence the Gaussian
vector

Oo(z) ® DOy(x) @ --- ® DED, ()
is nondegenerate, for any k € N and any « € R™. Above, D/®,(x) denotes the j-th order
differential of ®4 at * € R™. In other words ®, is Jx-ample for any k£ € N.

In Example 1.2.34 above we proved that the (RZ )m—periodic function
Ui (z)=FE(R ')

converges in distribution to the smooth isotropic function ®, as R — oo, i.e., the covariance
kernel of U converges in C™ to the covariance kernel of ®, as R — oo.
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For R > 0 we set
ag(t) :==a(t/R), Vt€R.
Consider the finite Borel measure p € Meas(R™)

1 _ 1 2
Mc{%[df] = Wwa,m(R 15))‘[d€} = W“(’E’/R) )\[dE].
Its characteristic function is the nonnegative definite function
Ki(2) = oo [ 6la(jel/R)’ds (1231)
(271') Rm
We set w := R~1¢ in (??) and we deduce

R™ -
KE(2) = g [, "7 a(lel

so that
Kf(z) = R"K.(Rx).

We deduce that K f‘( T — y) is the covariance kernel of the Gaussian function
of(z) := R™?®,( Rz ).

We want to investigate the behavior of K f(:c) as R — oo. For example, in the special case
a(t) = e~/ we have
L5 h-g
— € 2h s =
(27rh2)m/2

This is the density of the Gaussian measure I'y2; which converges to the Dirac measure g
as & — oo.

K(x) =

Since Kq(x) is O(m)-invariant and smooth it has the form ¥(|z|*) for some smooth
function ¥ : [0,00) — R. According to Schoenberg’s characterization theorem [157, Thm.
7.13], the function ¥ must be completely monotone. In particular, ¥ is non-increasing,
nonnegative and convex, [157, Lemma.7.3]. Using the Fourier inversion formula we deduce

Ky(x)dx = a(0)* = 1.
Rm
This implies that K, is the density of a probability measure on R™. The rescaled mea-
sures K f( T )dx converge weakly to the Dirac measure dg. To use a terminology favored by
physicists, we have
Ki(z) = d(x),
where §(x) is Dirac’s mysterious Delta function. In particular,
Ki(z-y) =iz -y).

In other words, as R — oo, the Gaussian random function K f converges in some sense to a
Gaussian random “function” ®5° whose covariance kernel is K°(x —y) = §(x — y). This is
the Gaussian noise on W on R™ driven by the Lebesgue measure.

Formally, W is a Gaussian random generalized function or, equivalently, a Gaussian

probability measure on a space of generalized functions or distributions on R™. The white
noise W is discussed in detail in [67, Sec.III.4].
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We can provide an explicit description of ®, in terms of white noise W. Consider the
geometers’ Laplacian on R™,
m
A=->"0.
k=1

For any Schwarz function f € §(R™) we have

~

M) = G [ e fleya

~

where f(€) denotes the Fourier transform of f. As mentioned earlier, we can write the
amplitude a as a(t) = b(t?), b € S(R™).

We have an integral operator Op (a) = a( \/E) = b(A) defined by

Op (a)(x) = a(VA) ) = o5 [ e*EIn(1e) (€ )ie
— 1 €i<§,:lz> ~
(2m)m /Rm a(1g])f(€)de.

Note that

Op (&) = oo [ a(jg))*f(€)ae = [ Ko(w—w)f(w)av.

For example, if a(t) = e‘t2/2, then Op(a) = 32 In general a( \/Z) is a smoothing operator,
i.e., for any tempered distribution u we have

a( VA )u e C°(R™).
If W is the Gaussian white noise mentioned above, then

D, = a( VA)W.

For any R > 0 we set ag(¢) = a(t/R). Note that ap converges in the sense of temperate
distriibutions to the constant function 1. Its Fourier transform is the Dirac distribution in
the &-space. This translates into the fact that Op(ag) — 1 as R — oo. Note that if R = ¢t72,
then

Op (aR) = 32
and we recover the known fact that e — 1 as t \, 0.
g

1.2.6. Gaussian random sections of a vector bundle. The concept of random section
is not an artificial generalization. The main object of investigation of this book requires it.
Suppose for example that M is a smooth, connected manifold and

. OxM—R

is a C* random function on M, k > 1. Then the differential d® should be viewed as a random
section of the cotangent bundle T*M. Its zeros are the critical points of ®

Consider a more general problem. Suppose that M is a smooth, compact, connected
m-dimensional manifold and 7 : E — M is a smooth real vector bundle of rank r. For each
x € M, the fiber E, = 77 1({z}) of E has a natural structure of real vector space of dimension
T.
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From a set theoretic point of view, we can regard E as a family (Em )m M of real vector
spaces of dimension r. Loosely speaking, a random section of F is a family (\I!(ac)) f
random vectors ¥(x) : (Q,8,P) — E,.

This definition is not satisfactory since we are interested in regularity properties of random
sections. We are interested only in Gaussian random sections so we take a different approach
suggested by Example 1.2.18. This was pioneered by P. Baxendale [15]. For different but

related approach we refer to [114, Sec. 1.2].

zeM o

Denote by C*(E) the vector space of sections of F that are k-times continuously differ-
entiable. We need to define on C*(E) a structure of separable Banach space and to do so we
need to make some choices.

e Fix a smooth Riemannian metric g on M.

e Fix a smooth h metric on E. We denote by (—, —)g, the induced inner product on
E,.

e Fix a connection (covariant derivative) V” on E that is compatible with the metric
h.

We will refer to a triplet (g,h,V) as above as a geometric structure on E. A geomet-
ric vector bundle is a vector bundle equipped with geometric structure. There are several
geometric objects canonically induced by these choices; see [117, Sec. 3.3].

First, the metric g determines a a Borel measure vol, on M, classically referred to as
the volume element or the wvolume density. Next, the metric determines the Levi-Civita
connection V9 on TM. The metric g also determines metrics on all the tensor bundles
TM®P@(T*M)®? and the connection V¥ determines connections on these bundles compatible
with the metrics induced by g. To ease the notational burden we will denote by V9 each of
these connections.

Similarly, the metric i induces metrics in all the bundles E®?® (E*)®? and the connection
V" determines connections on these bundles compatible with the induced metrics. We will
denote by } - ’x the Euclidean norms in any of the spaces (T M)®? @ E®P. We define the

jet bundle”
k

Th(E) =P T MY o E. (1.2.32)
j—0
The connections V9 and V" induce a connection V = V9" on the bundle (T*M)®* @ E
V. C'(T"M)** @ E) = C°((T"M)** ' @ E).

We denote by V9 the composition

CME) S e (T*MeE) S - S (T M) e E) S (TP M)® @ E).
For every section ¢ € C*(E) we define its k-th jet

k

Te(@) = Ju(y, V) = P V*y

k=0

"The jet bundle can be defined invariantly without relying on choices of connections and, as such, its is merely an
affine bundle. For the applications I have in mind I do not need such a generality. For details I refer to [139].
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q
lullor = D IIN79ll,
j=0

where
IV7ul| = sup | VVu(z)|_.
reM

The norm || — ||ox depends on the standard choices, but different standard choices yield
equivalent norms. The resulting normed space is a separable Banach space. Fix one such
norm and denote by C*(E) the resulting separable Banach space.

For every x € M and u, € E, we have evaluation maps
Ev, : C¥(E) = E,, Ev,(¢) =(2) € By
and
Evyu, : CF(E) = R, Eva,, (¥) = (¢(@),us )i,

The evaluation map Ev; 4, is a continuous linear function and thus defines and element in
the dual C*(E)*. Set

L= span{ Eviu,; €M, u, € E, }

If we choose a dense countable set X C M and for each z € X a basis {ej(x),...,e.(x)} of
FE, we deduce that the countable collection

{Evie,); v€X, 1<i<r}

separates the points in C*(E) and, according to Blackwell’s Theorem 1.1.41, it generates the
Borel-sigma algebra of C*(E).

Definition 1.2.36. A centered Gaussian measure on C*(E) is a Borel probability measure
I' such that V¢ € £ the random variable ¢ : C¥(E) — R is centered Gaussian. O

Equivalently, if we denote by T the disjoint union
T=|J{z} x Ex,
zeM
then I' is centered Gaussian iff the random process

Er: (CHME),T) xT =R, (¢;2,us) — Bvgu, (1)

is centered Gaussian. Corollary 1.1.46 shows that the measure I' is uniquely determined by
the distribution of the process I'.

Inspired by statistical physicists, we will often refer to Gaussian measures on C*(E) as
Gaussian ensembles of C* sections.

Definition 1.2.37. Suppose that £ — M is a smooth vector bundle over the smooth compact
manifold of dimension m. Fix n > 0 and set X = C"(E).

(i) A centered Gaussian C"-section of F is a measurable map
U:(Q,8,P) = (X,Bx), wr ¥,

whose distribution I' = Py is a Gaussian measure on X.
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(ii) Let k¥ € N. The Gaussian section W is called k-ample if for any distinct points
r1,...2 € M the Gaussian vector

\Ij(pl)@@\l’(pk)eExl@@Exk

is nondegenerate. The Gaussian section W is said to be ample if it is 1-ample.

(iii) Let & < n. The Gaussian section VU is called Ji-ample if there exists a smooth
connection V on E such that, the associated k-th jet Ji (¥, V) is ample, i.e., for
any x € M, the Gaussian vector

Je(V(2)) € JW(E)y=E, @ T;M@E® - @ (T;M** ) o F (1.2.33)
is nondegenerate.

O

Let us point out that if condition (iii) above holds for one smooth connection, then it
holds for all smooth connections.

For each xg,z; € M we have two Gaussian vectors ¥(z;) : @ — E,,, i = 0,1, and we
define

K (21, 20) := Cov [ ¥(z1), ¥(z0) | € Hom ( By, By, ) = By, ® Ej

o’
where we recall that Cov [ ¥(z1), () | denotes the covariance operator of the jointly Gauss-
ian random vectors ¥(x1), ¥(xo).

The distribution I' is uniquely determined by the distribution of the process Er which
in turn is uniquely determined by the collection (K(zl, :Eo)) This collection can be

xo,x1 EM"
conveniently encoded as an integration kernel.

Consider the product M x M with its two canonical projections
M(EMXMEM, .TU1<—(.1‘1,:E0)—>.1‘0.

¢ Form the bundle
EXE*=nE®myE".
Note that

(EXE*") = E,, ® E}, = Hom ( Ey, Ey, ).

(z1,20)
Then X is intrinsically a section of EX E*. It is k-times differentiable and defines an integral
operator

[X] : LQ(E) — LQ(E), [Ku(z) = / K(z,y)u(y) vol, [dy]
M

Arguing as in the proof of Proposition 1.1.60 we deduce that this is a symmetric, nonnegative
definite operator. The Karhune-Loéve expansion continues to hold in this case as well and we
deduce that any Gaussian C*-section of E can be described as a random series of C**-sections
with coefficients independent random normal variables. Often in our applications X is the
kernel of a smoothing operator.

Proposition 1.1.57 implies the following result.

Proposition 1.2.38. Suppose that M is a smooth compact manifold, E — M is a smooth
real vector bundle and (g,h,V) is a geometric structure on E. Recall that g is a Riemann
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metric on M, h is a metric on E and V s a connection on E compatible with h. Fix k € Ng.
Suppose that (¥ )n>1 is a sequence in C*¥(E) such that

Z [¥nllor )y < oo

n>1

If (An)n>1 is a sequence of independent standard normal random variables, then the random

Z Anwk

n>1

series

defines a Gaussian C*-section of E. Its covariance kernel is

= tn(@) @Ya(y)t, zyeM

n>1
where P () @ ¥y (y)* : By — Ey is the linear map

Ey,>v— h(v,wn(y) )1/1n($) cE,
O

Example 1.2.39. Any centered Gaussian measure I' on C*(E) tautologically defines a cen-
tered Gaussian random section of E given by the identity map 1 : C*(E) — C*(E).

I want to point out a rather confusing fact. A fixed (deterministic) section 1) of E can
also be viewed as a random section once we fix a Gaussian measure on C*(E). There will be
arguments that will require juggling these two points of view. O

Example 1.2.40 (The main example). Suppose that (M, g) is a Riemann manifold. For
k € N We have a continuous linear map

CHM) > frdf e C*H(T*M).

If F: M — R is a C* Gaussian random function on M, then it induces a Gaussian
measure I' on C¥(M) The pushforward of theis measure via the continuous linear map
d: C*M) — CH1(T*M) induces a Gaussian measure on C*~!(T*M ). Thus, the dif-
ferential of a Gaussian random function on M is a Gaussian random section of T*M. The
main goal of this book is the investigation of the zero sets of such random differentials. O

Example 1.2.41. Let E — M be a smooth vector bundle equipped with a metric and a
connection compatible with this metric. Suppose that V' c C* (E) is a finite dimensional space
of Ck-sections of E, 11,...,¢n is a basis of V and Xi,..., Xy are independent standard
normal random variables defined on the probability space (£2,8,P). Then the random linear
combination

N
v = Z Xjth;
j=1
is a centered Gaussian C'*-section. To see this consider the maps

X:Q=V, wenV, Qowe Y Xwi eV
J
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Then ¥ = iy o X, where iy : V < CF (E) is the canonical inclusion. It is the composition of
measurable maps and it is obviously centered Gaussian. Its covariance kernel is

KY (w1, 20) = Y _1hj(21) @ 1bj(w0) € En, @ By,
J
For each x € M we have a map
Ay RN - B, RVsu— Zujwj(:v).
J
Then
KY(x,x) = A, A% € End(E,).
We see that ¥ is ample iff A, is onto, V& € M.

More invariantly, note that for any € M we have an evaluation map Ev, : V — E,,
V 3 v v(z) € E,. The Gaussian section ¥ is 0-ample iff these evaluation maps are onto,
Vx € M. Algebraic geometers would say that the space of sections V' is ample.

There is a more invariant way of describing this example. Fix an inner product on V
so V' becomes a Euclidean space. Let I'yy the canonical Gaussian measure on this Euclidean
space. Then iy : (I'y) — C¥(E) is a random section. If 11, ...,y is an orthonormal basis
of V, then for any ¢ € V we have

U =iv(y) =Y X; (), X;(0) = (¥,¢5),-
j=1

Foe every x € M we have an evaluation map Ev, : V — E, and the variance operator of
U(z) is Var [¥(z)] = Ev, Ev). We see that ¥ is ample if Ev, : V — E, is onto for all
x € M.

O

1.2.7. The differential geometry of a Gaussian ensemble. Let M be a smooth con-
nected m-dimensional manifold and £ — M a rank r smooth real vector bundle over M.
Following [114], we will show that a smooth Gaussian random section of E canonically defines
a metric on F and a connection compatible with the metric. Additionally, we will provide a
probabilistic interpretation of this connection and its curvature.

A section C € C* ( EX E) defines a family of bilinear maps
Cpq:Epx E;— R, p,ge M,

since (EX E)pq) = Ep ® Eqg = (E;‘, ® Eq )* Such a section is called symmetric if for any
P,q € M and any £ € Ep, n € E we have

Cp,q(é» n) = Cq,p(na £).

Definition 1.2.42. A C*-correlator on E is a symmetric section C' € C’k(E X E) such that
Cp,p is positive definite for any p € M. O

Example 1.2.43. (a) Suppose that M is a properly embedded submanifold of the Euclidean
space U. Then the inner product (—, —)y on U induces a correlator C' € C*°(T*M X T*M)
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defined by the equalities
Coy(X,Y)=(X,Y)y, Ve,yec M, XecT MCU, YeT,MCU.

(b) Let ¥ be an ample, centered Gaussian C2-section of E. The random section ¥ defines a
covariance form

cv S Ck(E X E), C\I}(p, q) = C\I,(p)’\p(q),
where Cy(p) w(q) 18 the covariance form of the jointly Gaussian vectors ¥(p), ¥(q). Clearly,
CY(p,q) is symmetric. Since ¥ is ample, for any p € M, the Gaussian vector ¥(p) is
nondegenerate and and thus its variance Cgf p is positive definite. Hence CY is a correlator
on E. ad

Definition 1.2.44. A correlator C € C*( EX E) is called stochastic if it is the covariance
form of an ample Gaussian C*-section of E. O

Let C € C¥(E X E) be a correlator where k& > 1. By definition, it induces a metric on
E* and thus, by duality, a metric on E. We will denote these metrics by (—, —)g+«c and
respectively (—, —)g,c. When no confusion is possible we will drop the subscript £ or E*
from the notation. To simplify the presentation we adhere to the following conventions.

(i) We will use the Latin letters 4, 7, k to denote indices in the range 1,...,m = dim M.

(ii) We will use Greek letters «, 3,7 to denote indices in the range 1,...,r = rank (F).
Using the metric (—, —)¢ we can identify Cy 4 € Ep ® Ey with an element of
Tyy € By ® E = Hom(FEy, Ey).

We will refer to Ty, as the tunneling map from F, to E, associated to the correlator C.
Note that Tz = 1p,. If we denote by T, , € Hom(FEy, E) the adjoint of Ty, , with respect
to the metric (—, —)g,c, then the symmetry of C implies that

_ *
Tyz="1T,,.

Lemma 1.2.45. Fiz a point py € M and local coordinates (z)1<i<m in a neighborhood O of
Do in M. Suppose that e(x) = (eq(x))i<a<r is a local (—, —)c-orthononomal frame of E|o.
We regard it as an isomorphism of metric bundles e : Rly — E|o where R{y denotes the trivial
bundle over O with fiber R",
Rh: (R"x0—0).
. We obtain a smooth map
T(e): 0 x 0 — Hom(R"), (z,y) = T(e)sy = e(a) ' Trye(y).

FEquivalently, T(e).,, makes commutative the diagram below.

R" T(e)x,y R

e(x) [e(y) (1.2.34)

E, — E,
Ty

Then, for any i =1,...,m, the operator

02 T(€)zyla=y 1 Ry — Ry,
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18 skew-symmetric.

Proof. We identify O x O with an open neighborhood of (0,0) € R x R with coordinates
(2%, 37). Introduce new coordinates z' := x* — y*, s/ := 2/ + ¢, so that 0,s = 9, + 0. We
view the map T'(e) as depending on the variables z, s. Note that

T(e)os=1, T(e)-zs=T(e).s Vz,s.
We deduce that
iT(e)lo,s = 95T (e)lo,s = 0,
0T (€)lo,s = aziT(g)!o,s +0uT(€)]os = 8,:T(e)|o.s,

(0niT(e)los)" = 0uT(e)*lo,s = =0:T(e)lo,s + i T(€)lo,s = =i T(€)]o,s-
O

Given a coordinate neighborhood with coordinates () and a local isomorphism of metric
vector bundles (local orthonormal frame) e : Ry — FEl|o as above, we define the skew-
symmetric endomorphisms

Ti(e) : Ry —» Ry, i=1,....,m=dimM, Ti(e), = —8xl-Tm,yyx:y. (1.2.35)
We obtain a 1-form with matrix coefficients I'(e) := >, I';(e)dy’. The operator
Ve =d+T(e) (1.2.36)

is then a connection on R{; compatible with the natural metric on this trivial bundle. The
isomorphism e induces a metric connection e, V€ on F|g.

Suppose that f : Ry — E|o is another orthonormal frame of Ey related to e via a
transition map

g:0—=0(r), f=e-g.
Then
T(f)oy =9~ ()T (€)ry9(y)-
We denote by d, the differential with respect to the x variable. We deduce

F(I)y = _de(I)x,y T

= *(dxg_l(f) )x:y T(€e)yy-9(y) — 9y )(d T(e)e, y) le=y9(y)
=1

=g ' (Wda(w)g " (v) - 9(y) + 9 WT(e)yg(y) = 9(y) 'dg(y) + g~ (Y)T(€)y9(y)-
Thus
T(e-g) =g 'dg+g 'T(e)g.
This shows that for any local orthonormal frames e, f of E|y we have
e Ve=f Vvl

We have thus proved the following result.
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Proposition 1.2.46. If E — M is a smooth real vector bundle, then any correlator C' on M
induces a canonical metric (—, —)c on E and a connection VE compatible with this metric.
More explicitly, if O C M is an coordinate neighborhood on M and e : Rfy — El|o is an
orthogonal trivialization , then V¢ is described by

Ve =d+) Ti(e)da',

where the skew-symmetric r x r-matriz T;(e) is given by (1.2.35). We will refer to VC as
the correlator connection. O

Remark 1.2.47. Suppose that we fix local coordinates (x¢) near a point p, such that
7'(py) = 0. We denote by P, o the parallel transport of V¢ from 0 to X along the line
segment from 0 to z. Then

Poo = 1g, = T0,0, OyiProle=0 = —Ti(0) = 0y o 0]u=0-

We see that the tunneling map 7 ¢ is a first order approximation at 0 of the parallel transport
map Py of the connection V. O

When the correlator is stochastic, this connection can be given a probabilistic description.
Fix an ample Gaussian measure I' on C*(E). Denote by C € Ck(E XE ) its correlator and
by V¢ the connection it determines on E. As we mentioned earlier, a section 1) € C*(E)
has a dual incarnation: a deterministic one, as a section of E and a probabilistic one, as an
element of the probability space (C’k (E), F).

Fix a point p,, a coordinate neighborhood O of p; in M and orthonormal framings
e: Rl — E|p as in Lemma 1.2.45. We get a random map ® : O — R™, ®(x) = e(x) 9 (y);
see diagram (1.2.34). By definition, the covariance form of v (z) is given by the metric on
E,. The map e(z) is an isometry so that the variance operator of ®(z) is 1gm. Thus

0pi T (€)w,yla=y = Raz@(w)@(w)

where R_ _ is the regression operator (1.1.16) . We deduce from the regression formula
(1.1.17) and Proposition 1.2.46 that
VOO (z) = do(z) — E[d®(z) || ®(z)]. (1.2.37)

In particular we deduce the following result.

Corollary 1.2.48. For any ¢ € C*(E), and any x € M, the random vector VC(x) is
independent of the random vector (x). O

In [53, Prop. 1.1.3] it is shown that there is only one connection V on E, compatible
with the metric induced by the correlator C' such that, for any * € M, the random vector
V)(r) is independent of the random vector 1 (x). The authors refer to this connection as
the LeJan-Watanabe or L-W connection.

Proposition 1.2.49. Suppose that C is a stochastic correlator on E defined by an ample
Gaussian ensemble C? random sections of E. Denote by w a random section in this en-
semble. Fix a point py, local coordinates (') on M near py such that z*(py) = 0 Vi, and
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a local (—, =)c-orthonormal frame (eq(z)) of E in a neighborhood of py which is is

synchronous at py,

1<a<lr
Voea\po =0, Vo
Denote by F the curvature of VC,
F =Y Fj(x)da' Ada?, Fj(x) € End(Ep,).
]

Then F;j(0) is the endomorphism of Ep, which in the frame e (py) is described by the r x r
matriz with entries

Fopi5(0) := E[0ita(2)0,us(x) |lz=0 — B[ Opitia(2)04iug(x) | lo=o, 1< a,B <7, (1.2.38)
where uq(x) is the random function

ua(z) == (u(z), eq(w) )C.

Proof. The random section u has the local description
U= ua(r)eq(x).
(0%

Then T'(z,y) is a linear map E, — E, given by the r X r matrix
T(:C, y) = (Taﬁ(xy y) )1§a,ﬁ§r’ Taﬁ(xa y) = E[ua(m)uﬂ(y) ] .

The coefficients of the connection 1-form I' = 3. I';dx’ are endomorphisms of E, given by

r x r matrices Ij(z) = (Tog)i(@) )1§a75§r. More precisely, we have

Lopii(z) = —E[ Opiua(z)us(z) . (1.2.39)

Because the frame (e, (z) ) is synchronous at 2 = 0 we deduce that, at py, we have I';(0) = 0
and

F(py) = Fij(z)da’ Ada? € End(Ep,) ® A°Tpy M, Fij = 0,:T(py) — 0,5Ti(py)-
1<j

The coefficients Fj;(x) are r X r matrices with entries F,3;;(7), 1 < o, 8 < 7. Moreover,
Faﬁ\ij (0) = axjraﬁ|j(0) - azj Fa,ﬁh(o)

Y 0B Dyt (2)us () ) om0 — Ot B Dyt @)t (1)) o

=E( 02 iua(2)us(®) ]lomo + E[ Opitta(2)0pug(z) ] |amo
_E[agixjua(x)uﬁ(x) ] |lz=0 — E[axjua($)8z¢u5(x) ] |z=0

=E[0,iua(2)0ug(@) ||s=0 — E( Ot (®)iup(z) ||z=o-



1.2. Gaussian fields 71

Example 1.2.50. Suppose that ® : M — R is a Gaussian C3-function on the smooth
manifold M such that the differential d® is an ample Gaussian C?-section of T*M. The
correlator of d® defines a metric on T'M and a connection compatible with it. This turns
out to be the Levi-Civita connection of the correlator metric; see [117, Sec. 4.2.5]. For an
alternate description of this connection we refer to [1, Sec.12.2].

As a special case, suppose that M is a compact smooth submanifold of the Euclidean
space U. Denote by (—, —) the inner product on U and by I' the canonical Gaussian measure
on U. We obtain a Gaussian function on M,

:UxM-—=R, UxM> (u,z)— Py(x) = (u,x).

The differential d® is an ample® Gaussian section of 7*M and the correlator metric on TM
is the induced metric on M.

In this case the curvature formula (1.2.38) implies Theorema Egregium stating that the
curvature is an intrisic invariant of the submanifold. The classical approach to Theorema
Egregium goes through the second fundamental form of M. The probabilistic approach
bypasses this object. However, the second fundamental form has many other fundamendal
uses. For details I refer to [117, Sec. 4.2.5]. 0

8Can you see why?






Chapter 2

The Gaussian Kac-Rice
formula

Suppose that U and V are two Euclidean spaces of the same dimension, ¥ C V an open
subset of V, and ® : ¥ — U a centered Gaussian map that is a.s. C*, with k to be specified
later. “Typically”, the zero set of ® is discrete so that for any compact subset K C ¥
the set {® = 0} N K is finite. We denote by Zx or Z|K, ®] its cardinality. In this section
we investigate the basic invariants of this random variable: expectation, variance and higher
momentums. The Kac-Rice formula is essentially a description of these invariants as integrals
of certain densities over ¥. However, before we state and prove this formula there are a few
technical but important issues to address.

2.1. Generic transversality

Suppose U and V are two real Euclidean spaces of dimensions
d=dimU < D :=dimV.

Let ¥ C V be an open set.

Definition 2.1.1. Suppose that X : @ x ¥ — U is a C* random field. We say that X
satisfies the standard conventions if

e the probability space (2, 8,P) is P-complete, and
e For any 0 < j < k, the j-th differential

DX :Qx ¥ — Sym’ (V,U)

is 8 ® By-measurable and separable; see Definition 1.2.3. Above Sym’(V,U)
denotes the space of symmetric j-linear maps V7 — U.

O



74 2. The Gaussian Kac-Rice formula

For example, if I" is a Gaussian measure on Q = C¥(#,U), and 8 is the I'-completion of
the Borel sigma-algebra of €, then the resulting random field Ev' : Q x ¥ — U satisfies the
standard conventions; see Example 1.2.18.

1= [n the sequence will tacitly assume that the random fields satisfy the standard conventions.

Let me recall a classical transversality result frequently used in differential topology [71,
Chap.3]. The origin 0 € U is a regular value of most F' € C°°(¥#,U) and thus for a “typical”
F the level set F'~1(0) is a submanifold of codimension d = dim U and we do not expect it
to intersect a submanifold of ¥ of dimension < d. The next result is a quantitative version
of this fact.

Lemma 2.1.2 (Bulinskaya). Suppose that
X:(Q8P)xV—=U, QXY 3 (w,v)—~ Xy(v) €U
is an a.s. C' Gaussian random field. Assume that X is ample, i.e.,
for any v € ¥ the Gaussian vector
Qow— X,(v)eU (Ap)
s nondegenerate.

Fixug € U and let K C ¥ be a compact set of Hausdorff dimension < d =dimU. Then the
sett

A:={weQ; JveK such that X(v)=ug } (2.1.1)
1s negligible.

Proof. Ifollow the argument in the proof of [1, Lemma 11.2.10]. Denote by X' the differential
of X, by || — || the Euclidean norms on U and V, and by || — [lop the operator norm on
Hom(V,U). Let

Co(v) = | Xul + 1 X5(0) [lop-
For every compact set S C 'V we set

Cu(S) :=sup Cy(v).
veS

Fernique’s inequality (1.1.32) shows that C(S) € L' so P[C(S) < oo | = 1. Hence, for every
e > 0, there exists M, = M.(S) > 0 such that

P[C(S) < M.] >1—e. (2.1.2)

Choose S to be a closed ball of radius r > 0 centered at vy and contained in V and set
C(vg,r) == C(S). We deduce from the mean value theorem that

| Xw(v) — Xo(vo)|| < Cpu(vo,r) - 1.

IThe measurability of A is tricky. Consider the space X := Q X ¥ equipped with the product o-algebra. The map

X3 (w,v) kS (Xw(v),v) € U x ¥ is measurable as composition of measurable maps

ax VX oty xy B U x v,

The subset Z := ®~1({ug} x K) is measurable in X. If we denote by 7 the natural projection X —  then A = 7(2)
and according to [36, Prop. 8.4.4] it is S-measurable if 8 is P-complete.
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For r < dist(K, dV) we set
Cu(K,r) = sup Cy(vo,r) < Cy(K,), K, :={veV;dist(v,K) <r},

voEK
and
oscy(r) == sup || Xw(v1) — Xy (v2)]|-
v1,v2€ K,
o1 —ve | <r
Note that

08¢y (1) < Cy(K,7)r.
Consider the event
E.(r) := { oscy(r) < M(K;) 7T }.
We set M (r) := M.(K,). We deduce from (2.1.2) that
P[E.(r)] >1—e.

Pick a sequence h, N\ 0. Since K has Hausdorff dimension < d, its d-dimensional Hausdorff
measure is zero, and we deduce that there exists a sequence of radii r, \, 0 and, for any n,
there exists a finite collection of closed balls (By, ;)je.,, of radii 7, ; < ry, covering K, such

that 4
Z (Tnd') S hn
Jj€Jn

Set
Ay = {w €Q; Jve KN B, ; such that X, (v) = uo} C A,.
where A is defined as (2.1.1). Fix € > 0 and r > 0 sufficiently small. Then

PlA] <) P[AnjNE(rn) | +P[Ec(ra)] <> P[An;NEe(ra)] +e. (2.1.3)
J J
Denote by vy, ; the center of B, ;. Observe that A,; # () iff there exists v such that
v —vp, || <7y and X (v) = ug. On E.(r,) we have
H X (vp,j) — uo H = H X(vn;) — X(v) H < M(ry) g
This shows that
An,j N Eg(rn) C { H X(Und) — Uo H < ME(TH) Tn,j }
Denote by wy the volume of the unit d-dimensional Euclidean ball, by px(,) the probability
density of X (v) and set

L := sup sup px () (u).
veKy uelU

The ampleness ssumption (Ag) implies L < co. We deduce
B X(ong) 0| < Molr)rag }] < LeraMelr) o
—_————

n?j’
=:Ec(rn)
and
ZIP’[An’j NE:(rn) | <Ec(rp) erlw- < Ee(rp)hn < Eo(r1)hn.
J J
Now choose n such that Z.(r1)h, < e to conclude from (2.1.3) that

P[A] < 2e, Ve>0.
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Theorem 2.1.3. Suppose that (2, 8,P) is a probability space and
X:Qx¥ =>U, QxV>3 (w,v)— Xy(v)eU
is Gaussian field with the following properties.

(i) The random field X is a.s. C?.

(ii) The Gaussian vector
V:OxVxU\{0} 2U xV, (w,v,u)— (Xu(v), X (v)*)

nondegenerate for any v € ¥. Above, X/, (v)* : U — V denotes the adjoint of the
differential X,(v) : V.= U of X,, at v.

Then 0 € U is a.s. a regular value of X, i.e.,
P[{w; 0 is a regular value of X, : V- U }]| = 1.
Proof. Fix a closed ball B C V and denote by S(U) the unit sphere in U. Let us show that

a.s., 0 is a regular value of X|p. This means that for any solution v € B of X = 0 the adjoint
of the differential X'(v) is one-to-one, i.e., the equation

Y(v,0) =0 X(v) =0, X'(v)a=0,

has no solution (v,u) € B x S(U). Since dim B x S(U) < dim(U x V') we deduce from
Bulinskaya’s Lemma 2.1.2 that this happens a.s.

O

Theorem 2.1.3 can be substantially improved when dimU = dim V'
Theorem 2.1.4. Suppose that dimV = dimU = d, (Q,8,P) is a probability space and
X:QxV->U, OQxV3 (w,v)—= X,w) eU
is an ample C' Gaussian field. Then 0 € U is a.s. a reqular value of X.
Proof. We follow the approach in [7, Sec.4]. Fix a closed ball B C V. Consider the quantities

1
wgrd

T= lim\%lfTT, T (w) := Ha[{v e B; | X(v)|| <r}],

where H,; denotes the d-dimensional Hausdorff measure on V. In this case it coincides with
the Lebesgue measure. Denote by J, the Jacobian of the map X at v,

Jy = \Jdet (X'(0)X"(0)" ).

Since U and V are Euclidean spaces of the same dimension we have J,, = ‘ det X'(v) ‘

Since X is ample we deduce that the random variable T" defined above is a.s. finite. We
set
2°:={FveB, X(v)=0, J,=0}.
We will show that P[ 2 # 0] = 0. Set
X ) — X - X' )
M = sup X () op, N(e) = sup 1L FD = lo) = K)o
veB veB, 0< |0 <e 9]

Both random variables M and N(¢) are a.s. finite and N(e) — 0 a.s. as € N\, 0.
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Let vy € Z°. Lemma 2.1.2 shows that vy € int B a.s.. Set
Ko :=ker X'(vg) C V, k:=dimKj.
Since J,, = 0 we deduce that £ < d =dim V. Any vector © € V decomposes as
v =19+ 0", 0 € Ky, v € Ky
Then
1X (o + 0) || < [|X (vo + b0 + 0) = X (v +0) | + [|1X (vo + o)

< Mljo* | + llol N (llaoll).
Let £ > 0 such that N(e) < 1 and suppose that

oo]| < e, |Jot|| < eN(e). (2.1.4)
We deduce that

| X (vo + 90 +95)|| < r(e) := (M +1)eN(e).
The polydisk
P.:={veB; v=uvy+0, o satisfies (2.1.4) }

is a.s. contained in B for € > 0 sufficiently small. Thus

1
Tre) = W}Cd[{v €B; X <r(e)}] > Wf}fd[Pa]
d k
= Conj;gzj\i(i\)fie) = constN(s)k*d — 00 as e \(0.
Hence
2° £ 0 C{T = o},
so]P’[Zs:@]:l. O

Remark 2.1.5. To better understand the idea behind the above proof it helps to have in
mind the following elementary yet suggestive example. Consider the map
F:R* 5 R?% F(z,9) = (z,9°).
Then
To={|F|<r}={a?+y* <r?} DS = {|a| <272, |y <2741},
and Hy (S,) = 273/4r3/2, Hence
Ho(T)

— 2 273412 Ao asr N\ 0.
or

O

Corollary 2.1.6. Let ¥ be an open subset of the Euclidean space V. Suppose that F : ¥V — R
is a C? Gaussian function that such that its differential is ample, i.e., for any v € ¥ the
Gaussian vector dF(v) € V is nondegenerate. Denote by Hessp(v) the Hessian of F at v.
Then F' is a.s. a Morse function, i.e.,

P[{3v, df(v) =0, detHessp(v)=0}]=0.
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Remark 2.1.7. Sard’s transversality theorem requires a bit of regularity. Suppose that
F:V = UisaCFmap. In[57, Thm. 3.4.3] it is shown that if & > dim V — dim U, then
the set of critical values of F' is negligible in U. However, if £ < dim V' — dim U, then there
exist C*-maps V — U for which the set of critical values is not negligible in U’; see [57, Sec.
3.4.4].

In geometry the generic transversality is traditionally obtained as follows. Suppose that
N is a positive integer and

F:RVNxV—SU, (\v)— F(v)
is a C*-map, k > dim V —dim U. We view it as a family in C*(V, U) parametrized by A € RY.
We assume that the family is sufficiently large, i.e., satisfies the ampleness condition
0 is a regular value F. (%)

Then
Z={(\v) eRY xV; F\(v) =0}

is a C* manifold and the natural projection 7 : Z — R™, (\,v) — X is a C* map. Since
dimZ — N = dimV — dim U we deduce from Sard’s theorem that most A € RY are regular
values of . One can show that for such A, 0 is a regular value of F)\. Thus, a regularity
assumption together with an ampleness condition on the family guarantee that 0 is generically
a regular value of F).

However, we cannot expect such genericity assuming only C'-regularity.> For example,
H. Whitney [158] has constructed a C'-function f : R? — R whose set of critical values
contains a nontrivial interval centered at 0.

Consider the random Gaussian function X + f, X standard normal random variable,
Then the probability that 0 is a regular value of X + f is < 1.

The above geometric argument has a probabilistic counterpart. Fix independent standard
normal random variables A1,..., Ay and form the random Gaussian map

Fy=> Ap(w)F,
k

where Fj, € C"(#,U), r >dimV —dimU.

Equivalently, consider the standard Gaussian measure on A = RY and think of A as a
probability space and of F' as a random map

F:Ax? »U, (\v)=F\(v) =Y MF(v).
k

Observe that a sufficient condition for F' to satisfy the ampleness condition (x) is that for
any v € ¥ we have

U =span { Fi(v),...,Fn(v) }.
This condition also implies that F', viewed as a Gaussian random map, is ample.

We deduce from Sard’s theorem that for Lebesgue almost every A € A, the point 0 € U
is a regular value of

N
F\ = Z e F.
k=1

2I am indebted to Michele Stecconi for pointing out this fact.



2.2. The Gaussian Kac-Rice formula 79

This implies that 0 a regular value of F for A in a set of Gaussian probability 1.

This argument was recently generalized by A. Lerario and M. Stecconi [89] as follows.
Denote by E the Fréchet space E = C”"( ¥,U). Fix a Gaussian measure I on F, denote by
Hr the associated Cameron-Martin space and by Sr its closure in E. Equivalently, St is the
topological support of I'. In particular, F[S[‘] = 1. Assuming that 0 € U is a regular value
of the map

Ev:SrxV—U, Ev(F,v)=F(v),
then

I'[{0 is a a regular value of F} | = 1.
In Theorem 2.1.3 we approached generic regularity using a different approach. Let N be a
(large) positive integer and suppose that, for each v € V the collection of C''-maps

{ Fk(v)v F/(U);— }1§k§N
spans the vector space U x Hom(U, V). If we define
N
F) = Z)\ka, A=\, y) €RY,
k=1
then we see that the family (F)),cpn satisfies (). However, if dim V' —dim U > 1, then the
maps F) have less regularity than required by Sard’s theorem.

O

2.2. The Gaussian Kac-Rice formula

We now have all the ingredients needed to prove the Gaussian Kac-Rice formula. We start
by stating and proving several local versions of this version and then we will explain how
these local results can be patched together to obtain a global version.

2.2.1. Local Kac-Rice formula. Suppose that U,V are real Euclidean spaces of the same
dimension m and ¥ is an open subset of V. We will investigate the zero sets of Gaussian
Cl-maps F : ¥ — U. Before we do this we need to describe some basic properties of such
zero sets of deterministic C'-maps. We need to introduce a bit of terminology.

A compact subset B C V is called a box subordinated to the Fuclidean coordinates
(v',...,v™) on V if there exist real numbers aj < by, k = 1,...m, such that

B = {U; ok e lak, by, Vk= 1,...m}.
It is called nondegenerate if ap < by, Vk. A subset is called a box if it is a box subordinated
to a choice of Euclidean coordinates.
For any map F : V — U and any Borel set S C ¥
Z[S,Fl:=#{vesS; F(v)=0}.

Lemma 2.2.1 (Continuity of roots). Suppose B C ¥ is a boz, and F : V — U is a C'-map
satisfying the following conditions.

(i) 0 € U is a regular value of F'.

(ii)

;= inf .
ros= inf If@)] >0
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Suppose that (F,),en is a sequence of Ct-maps that converge in C1(V,U) to F. Then
lim Z|B,F,] = Z[B, F] < .

V—00

Proof. Since 0 is a regular value and F~1(0) N 9B = () we deduce from the inverse function
theorem function that F' has a finite number of zeros in B, none of them located on 0B. Set

2=FY0)NnB={v,...,0}, n=#2Z, Z,=F,0)NB.
Using the inverse function theorem we can choose § > 0 sufficiently small such that

e The open ball Bs(v;) is contained in B, Vi,
e the closures of the balls Bs(v;) are disjoint, and

e the restriction of F' to each of the open balls Bs(v;) is a diffeomorphism onto its
image.
Set
n
C:=B Bs(v;), 7o := inf |F .
\ &:{ 5(vi), o= inf [F(v)]
Since F), converges uniformly to F' on the compact set C' we deduce that there exists 1y > 0
such that
Vv > vy, inf |[|[F,(v)]| > r9/2 > 0.
velC

Thus, for v > 1y

n
2, C | Bs(vy).

i=1

Set
Z,,,i =2Z,N B(;(vi).

We claim that for each ¢ = 1,...,n, there exists v; > 0 such that #2,; =1, Vv > v;. We
argue by contradiction. Suppose that there exists a subsequence Z,, ; such that #2Z,, ; > 2.
To ease the notation we will write 2y, ; instead of Z,, ;.

Let vox, vk € 2k, Vox 7 Vi, Upon extracting subsequences we can assume that v
and vy ; converge to Up oo, V1,00 € €l B5(v;). Clearly F(vg o) = F(v1,00) = 0 and, since F' has
a single zero, v;, in ¢l Bs(v;) we deduce

Vo k, V1,k — V; as k — 00.

Consider the unit vectors

1
wy = —————— (V1 g — Vo )-
Tors — ol )

Upon extracting a subsequence we can assume that wjg converges to the unit vector w. Since
the differential F’(v;) is invertible we deduce that F’'(v;)w # 0. Choose a linear functional
¢ : U — R such that

E(F'(vi)w) =1. (2.2.1)
Consider now the scalar functions fi(v) := £(F,(v)). From the mean value theorem we
deduce that there exists a point pi on the line segment [vg g, v1 ] such that

0= fr(vrk) = fe(vor) = llvie — vorlldfi(pr) (wi ) = llvrk — vorllE(Fy, (pr)wr ).
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In other words
§(F,, (pr)wy) =0, Vk.
Note that p — v;. Letting k — oo we deduce £(F’(vi)w) = 0. This contradicts (2.2.1). O

Corollary 2.2.2 (Kac’s counting formula). Suppose that F : V — U is a C'-map and the
box B satisfy the assumptions in Lemma 2.2.1. For v € V we denote by F'(v) the differential
of F at v and by Jp(v) its Jacobian Jp = det (F'(v)F'(v)*). Forr >0 we set
/BI{|F|<7~}JF(U)dU'
Then, for r > 0 sufficiently small we have Z|B, F| = Z[B, F,r]. In other words

Z|B,F] = h{‘% Z|B,F,r]. (2.2.2)

Z|B,F,r]:=

wdrd

Proof. For u € U we set Iy, := F' — u so that Fy = F'. Using Lemma 2.2.1 we deduce that
lim Z[B, F,| = Z[B, F].
u—0
There exists rg > 0 such that
#F Y w)Nn B =#F10)N B, Y|ul < ro.
Using the coarea formula (A.1.14) we deduce that

/ Jp(v)dv = / #F Y (u)du = war? x #F~1(0) N B.
B0{||F||<r} {llull<r}

O

Corollary 2.2.3. Suppose that X : Q x ¥ — U is an ample C' Gaussian field, i.e.,
the Gaussian vector X (v) is nondegenerate for any v. Then for any box B C ¥ the map
w > Z[B, X,] is measurable.

Proof. The map w — (X, X)) is measurable. Since 0 is a.s. a regular value of X we deduce
from Kac’s counting formula that
Z|B,X,1/n] —» Z|B, X] as..

Since X satisfies the standard conventions the function Z[B, X, 1/n] is measurable so Z[B, X]|
is measurable as a.s. limit of measurable functions defined on a complete probability space.
g

Corollary 2.2.4. Fixz a box B C V. Suppose that X,, : Q@ xV — U 1is a sequence of Gaussian
Cl-random fields such that X,(v) is a nondegenerate Gaussian vector for any n and any

vEY and X, = X a.s. in Cl(“I/,U). Then
Z[B, X,] — Z[B, X] as..

# For any Borel subset S of an Fuclidean space and any compactly supported continuous

function ¢ : V. — R we set
/ p(v)dv := / w(v))\[dv],
S S
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where X is the Lebesgue measure. This apparent excess of pedantism is fully justified. Soon
we will replace V' with a manifold and the measure A will have to be replaced with the measure
determined by a 1-density on the manifold. The above convention is meant to keep the reader
alert.

Theorem 2.2.5 (Local Kac-Rice formula). Let U and V' be Euclidean spaces of the same
dimension m and ¥ C 'V open. Suppose that

X:QxV->U, QxV3 (w,v) = X,w) eU

is a Gaussian C1-field satisfying the ampleness condition (Ag), i.e., X (v) is a nondegenerate
Gaussian vector for any v € V.

If B CV is a bozx, then
E[Z[B,X]] = /BE[JX(U)\X(v) =0]px((0)dv < oo, (KR)

where Jx(v) denotes the Jacobian of X at v € V and IE[JX(U)}X(U) = 0] denotes the
conditional expectation of Jx(v) given that X (v) = 0. We will refer to the function

v prr(v) =E[Jx(v)| X(v) = 0]px)(0)
as the Kac-Rice density of X.

Proof. We follow the approach in [12, Sec. 6.1] and [7, Sec. 5]. We will need the following
technical result.

Lemma 2.2.6. Denote by X the space CY(V,U) equipped with the topology of uniform con-
vergence on compacts of maps and their first order derivatives.

For any ug € U, vg € V, and any bounded continuous function o : X — R the condi-
tional distribution Pu(x)|x (vg)=u, 15 well defined as a probability measure on R and depends
continuously on ug in the topology of weak convergence of measures.

Proof. From Proposition 1.1.32 (Gaussian regression formula)we we deduce that any v € V
we have

X (v) = Rx(v),x(v0)X (v0) + Z(v,0),
where the random variable Z(v,v) is independent of X (vg) and the regression operator
Rx(v),X (vo) 18 given by (1.1.16). We have
Zw(’U, UO) = Xw(v) - RX(U),X(’U())XW(UO)'
Hence, for any w the map v — Z,,(v,vg) is also C*. The resulting map V 3 vy — Z,(—,vp) € X
is continuous for any w.

Fix a continuous and bounded function « : X — R. Then the real number

a(Xw) = a( Rx, (=), Xu(wo) U0 + Zu(—,v0) )

depends continuously on (ug,vg) for any w and, since « is bounded, we deduce from the
Dominated Convergence Theorem and the regression formula that

E[OK(X)‘X('U(]) = U(]] = E[Q(RX,X(UO)UO —{—Z(—,’Uo))]

depends continuously on (ug, vp). O



2.2. The Gaussian Kac-Rice formula 83

/ ,

1/(2n) In

A

Figure 2.1. The graphs of F,, (top) and the graph of G, (bottom).

Let F': [0,00) — [0,1] be the continuous piecewise linear function such that
0, z<1/2,
F(z) = v/
1, =z>1.

For n € N we set
F,(z) :== F(nz), Gp(z)=1-—F(z/(2n)). (2.2.3)
The functions F), and G,, are depicted in Figure 2.1. For v € V we set
dy = dist (v,aB),

and we denote by J, the Jacobian of X at v. For u € U and n € N and ® € C1(7,U) we
set

CH®,B):= >  Fu(Jo))Gn(Ja(v))Fn(dy).
ve€EDP~L(u)NB

Lemma 2.2.7. Let X = CY(#,U). Then the following hold.

(i) For any uw € U the map X > ® — CJ(®, B) is continuous
(ii) For any ® € X the map u— C))(®, B) is continuous.

We proceed assuming the validity of the above lemma. We set
Ci(B):=Cp(X,B)= Y Fu(Jo)Gn(Jo)Fu(dy), (2.2.4)

veX~1(uw)NB

Qu(B) == C(B)Gn(Cyi(B) ).

These are measurable as compositions of measurable functions X — R with X : Q — X.
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Note that C}}(B) is the number of solutions v of the equation X (v) = u in the compact
(random) set

1
K, = {veB: Jordy > — ng2n}.
2n

Intuitively, C}}(B) counts the solutions v of X (v) = u located in B for which that Jacobian J,
is not too small, not too large and they are not too close to the boundary of B. The quantity
Q7 (B) is a sort of truncation of C}!(B). Note that QI!(B) = 0 whenever C}'(B) > n.

Let g : U — [0,00) be a continuous, compactly supported function. The coarea formula
(A.1.14) implies that

[ sQUBI = [ L ELI)Ga 1) ()G (Ch(B) o X (0) ) o
U B

The standard assumptions guarantees that the above quantities are measurable. These ran-
dom variables are bounded since the various integrands are bounded. E.g., Q7(B) < 2n.
Taking expectations we deduce

|| sB[QuB) )du = [ B[1F(R)Gu (R Fald,)Gu( T (B) ) X () o

= /Ug(u) (/BE[Jan(Jv)Gn(Jv)Fn(dv)Gn(C;Z((v)(B) ) } X(U) = u]dv> pX(v)(u)du'

Since the above equality holds for any continuous compactly supported function g we deduce

E[QZ(B)] - /BE[Jan(Jv)Gn(Jv)Fn(dv)Gn(C?((v)(B) )‘ X(v) = u]pX(v)(u)dv (2'2'5)

for almost every u € U. To prove that the above equality holds for any v we will show that
both sides of (2.2.5) depend continuously on u.

The random function u — C}}(B) = C}}(X, B) is a.s. continuous since
u— CL(P)
is continuous for any ® € X. Consider
01X SR, (@) = Ja(0)Fa (3 (0)) Gl () Fo(d )G (O ).

<2n

For fixed v it depends continuously with respect to ® in the topology of X. We can rewrite
the right-hand-side of (2.2.5) as

/BE[QZ(X)‘ X(v) = u]px(v)(u)dv.

Corollary 2.2.4 and Lemma 2.2.6 show that the integrand depends continuously on u. Clearly
it is bounded uniformly in w. The Dominated Convergence Theorem shows that the above
integral depends continuously on u. Hence

E[Qi(B)] = /B [ Jo Fo(J0) G (Jo) Fu(dy) G ( C ) (B) )| X (v) = u | px(wy (w)dv,  (2.2.6)

for every u € U. In particular, for u = 0 we deduce

E[Q3(B)] = /B E[JyFn(Jo)Gn(Jo) Fu(do) G ( C ) (B) )| X (v) = 0] px (o) (0)dv.  (2.2.7)
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Bulinskaya’s Lemma 2.1.2 and the Transversality Theorem 2.1.4 imply that 0 is a.s. a
regular value of X and the equation X (v) = 0 has no solutions on 9B. We deduce that

Q5(B) N Z[B,X] asn — 0.

Since Fy,, Gy, /1 we can use the Monotone Convergence Theorem in (2.2.7) as n — oo and
deduce (KR) assuming the validity of Lemma 2.2.7. Observe that Lemma 2.2.6 shows that
the map

B>v~— E[Jx(v)‘ X(v)=0]eR

is continuous and, since X (v) is nondegenerate for any v, we deduce that
/BE[JX(U)} X (v) = 0]px(w(0)dv < co.

Proof of Lemma 2.2.7. The proof is similar to the proof of Lemma 2.2.1. Fix &y € X and
ug € U. For each n € N we consider the compact set

n

1
K, = {v € B; dist(v,0B) > 1/n, o < Jg,(v) < 2n}.

Note that K, C int(K, 1), Vn. Let
Zn(®0) = @5 (ug) N K.

Observe that if v € Z,,(®p), then the differential ®(,(v) is invertible so and the inverse function
theorem implies that there exists an open neighborhood O, of such that ®;*(ug) N0, = {v}.
Hence Z,,(®g) is a closed subset of a compact set consisting of isolated points so Z,(®g) is
finite

Zn(q)()) = {1}1, ey Un}
Invoking the inverse function theorem we deduce that there exist r > 0 and pairwise disjoint
open sets 01, ..., 0, with the following properties.

e v €0 Cint K1, Ve=1,...,n. We set

k=1

e The restriction of &g to Oy is a diffeomorphism onto the open ball B, (ug) C U.
Suppose that |[[®, — ®o||c1(p) — 0 as v — co. We claim that
N >0: Yw >N, &, Y(u)NnK, CO.
We argue by contradiction. Suppose that there exists a subsequence v, / oo and and
Wy, € P, (ug) N K, \ O, Vm (2.2.8)

Upon extracting a subsequence we can assume that w,, converges to w, € K,. Letting
m — oo in the equality ®,, (w,,,) = up we deduce ®g(wy) = up € O. This contradicts
(2.2.8).

Arguing as in the proof of Lemma 2.2.1 we conclude that there exists N > 0 such that for
any v > N and any k = 1,...,v the equation ®,(v) = ug has at most one solution v € Oy.

Let us now observe that for v sufficiently large the equation ®,(v) = ug has one solution
v € Op. This is an immediate consequence of the theory of degree of a continuous map; see
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e.g. [122, Chap.1]. Indeed, if By, (vx) is a small closed ball centered at vj and contained in
Ok, then for v sufficiently large

sup [y (v) — ol >0
qu(’?BTk(vk)

and
+1 = deg (@, By, (vx),0) = Vllrrgodeg (@, By, (vk),0).

This proves that for any continuous function ¢ : B — R such that supp ¢ C K,, we have

lim Y p)= Y ().

ve®,  (up) vEdy ! (uo)

This proves the first part of Lemma 2.2.7. The second follows from the above first part
applied to the maps ®, = ®¢9 — (u, — up), where u,, — uyg. O

This completes the proof of the local Kac-Rice formula g

Recall the random variable

Z[B,X,r] = /BI{X|<7“}‘]X(U)dU

that appears in Kac’s counting formula (2.2.2)

Z[B, X] = lim Z[B, X, ).
™\ 0

wde

Proposition 2.2.8. Let X as in Theorem 2.2.5. Assume additionally that X is 0-ample,
i.e., for any v € V the Gaussian vector X (v) is nondegenerate. Then

E|Z|B,X]|=1lmE| Z|B,X
218, 1] = ey B[ 715, 1]
In particular Z|B, X,r] — Z[B, X] in L' as r \, 0.

Proof. Using Fubini’s formula we deduce

E[Z[B,X,r]] = ! /BE[I{|X<T}J)((’U)]CZU

wgrd
Note that
B[ Txjenx )] = [ E[x@)] X() = u]pxio (i
so that
E[Z[B, X,r]] = wird /B ( /u|<rE[JX(U)‘ X(v) = u}px(v)(u)du>dv
1
- o /u|<7~ ( /BE[JX(U)}X(U) = u]px(v)(u)dv> du.

=:p(u)
The regression formula shows that the integrand u +— ¢(u) is continuous on |u| < r so that

lim — / o(u)du = (0) :/ E[ Jx(0)| X(v) = 0]px(o)(0)dv = E[ Z[B, X]].
Ju|<r B

™0 wyrd
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The statement about the L'-convergence follows from the Lebesgue-Vitali theorem on uniform
integrability; see e.g. [118, Sec. 3.2.2] or [141, Thm. 16.6]. 0

Remark 2.2.9. (a) The assumptions in Theorem 2.2.5 are less stringent than in the Gaussian
Kac-Rice formula [1, Cor.11.2.2]. Theorem 2.2.5 requires only the 0-ampleness of X whereas
[1, Cor.11.2.2] requires Jj-ampleness. This is due to the different strategy used in [1] to prove
(KR).

(b) There are many generalizations of the local Kac-Rice formula (KR). First, one can
slightly relax the Gaussian assumption; see [1, 7, 147]. These generalizations do not seem
too practical for two reasons. First, the various conditions imposed on the random field
are difficult do verify in the non-Gaussian case. Then, the computation of the conditional
expectation in the KR~density is nearly impossible in the non-Gaussian case.

There exist other generalizations, of a more geometric nature. Consider a Gaussian field
F:7v U, dimV <dimU,

and M C U, a submanifold of dimension dimU — dim V', then one expects that the map
F is a.s. transversal to M so one expects that F~!(M) is discrete and we can ask what is
the expectation of its cardinality. This problem is discused in great detail in a much greater
generality in M. Stecconi’s dissertation [147].

If mg := dimU < m; := dim V, then the preimage F~1(0) is typically a submanifold of
¥ codimension mg. We can then ask what is the E[ Hp,, —m, (F~1(0)) |, the expectation of the
volume of F~1(0), where ¥, denotes the k-dimensional Hausdorff measure. This situation is
addressed in [7, 12]. 0

2.2.2. A weighted local Kac-Rice formula. Let X be as in Theorem 2.2.5. Using [80,
Lemma 3.1] and Theorem 2.2.5 we deduce that the correspondence

By — Z[S, X]
is a locally finite random measure, i.e.,
(i) for any S € By the map
(Q,8,P) 5w Z|[S, X,] € [0, 0]

is measurable, and

(ii) for any w € Q the map
By 38— Z[S, X,] € [0, 00]
is a measure that is finite on the compact subsets of 7.

We refer to Appendix C.2 for more information about locally finite random measures.
The integral of continuous, compactly supported function ¢ € Cgpt(”I/) with respect to this
random measure produces a random variable

For any compactly supported measurable function ¢ : ¥ — R we set

ZlpX] = [ e@zian X1 = Y o).

veEX—1(0)
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More generally, for any nonnegative measurable function f : ¥ — [0,00) we can define
Z[f, X] in a similar way so Z[B, X| = Z[Ip, X].

We have the following variant of the Kac-Rice formula.

Theorem 2.2.10 (Weighted local Kac-Rice formula). Let X be as in Theorem 2.2.5 and
0 € CO (V). Then

E[Z[p, X]] = /Vgp(v)pﬁR(v)dv < 00, (2.2.9)
where

picr(v) = E[ Jx(v) | X (v) = 0]px(,)(0)
is the Kac-Rice density of X.

Proof. Decomposing ¢ = ¢4+ — ¢_ we can assume that ¢ > 0. Using partitions of unity we
can reduce everything to the special case when supp ¢ is contained in a box B C #. Now
run the argument in the proof of the local Kac-Rice formula with the term CJ}(B) in (2.2.4)
replaced by

Cr@) = > @) Fu(Jy)Gn(Jy)Fn(dist(v,0B)).
veEX ~1(u)

Note that formally C7(B) = C}(Ip). O

Suppose that F : 7 — R is a Morse function. In particular, F is at least C2. We denote
by dF its differential. We view it as a map

dF : vV — V™.
We set
¢[—, F] := Z[—,dF].
Hence, for any Borel subset S C 7,
(’I[S,F] :#{v € S; dF(v) :0}.
For any continuous function ¢ : B — R we set
e[oF] = [ p)eldnFl= 3 o),
v dF (1)=0

Corollary 2.2.11. Suppose that F : ¥ — R is a C? Gaussian function satisfying the 1-
ampleness condition

for any v € ¥ the Gaussian vector
Q3w—dF,eV*
s nondegenerate.
Then F' is a.s. Morse and for any function ¢ € Ccopt(”f/) we have
E[€lp, F]]| =E[ Z[p,dF]]

— [ BlldetHesse (0)] | F() = 0]paro) (0)¢(e)do < .

The quantity E||det Hessp(v)| |dF(v) = 0] par(v)(0)dv is the Kac-Rice density of dF O

(2.2.10)
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We conclude this subsection with another version of the local Kac-Rice formula which
counts the zeros of a random map inside a random set.

Theorem 2.2.12. Let U, V and W be Fuclidean spaces such that dimU = dimV = m.
Let 7 C V be open. Suppose that

XY : OxV-oUsW, OQxV3 (wov)— X,(v)dY, cUdW,

is a C'-Gaussian field satisfying the standard conditions such that, for any v € ¥, the
Gaussian vector

Q3w X,(v)aY,(v)eU W

is nondegenerate. For each v € ¥ we denote by J, the Jacobian of X at v,

Jy = \Jdet (X/(0)X"(0)7).
Suppose that C C W is a nondegenerate box in W . Then, for any box B C ¥V

E[Z[BNnY 1(C), X)]] :/BE[JUIC(Y(U))‘X(U):0]pX(U)(O)dv (2.2.11a)

:/B(/CE[JU\X(U):O,Y(v):w]Py(v)[dw])pX(v)(o)dv. (2.2.11b)

Proof. We know that a.s. the equation X (v) = 0 has no solutions on 9B and 0 is a regular
value of X. Let us show that a.s. there exist no solution of of X (v) = 0 such that Y (v) € 9C.

Consider the Gaussian field
F: VoW UV, (v,w)— (X(v),Y(v)—w).
Since the Gaussian vector X (v) @ Y (v) is nondegenerate, so is F'(v,w). Set K := B x 9C.

The Hausdorff dimension of K is < dim(V @ W) and Bulinskaya’s Lemma 2.1.2 implies
that a.s. the equation F(v,w) = 0 has no solution in K. Thus, with probability 1, there
exists no v € B such that X (v) =0 and Y (v) € 0C.

Denote by C° the interior of C' and by E the complement of C° in W. We set
B dist(w, E)
 dist(w, Cp,) + dist(w, E)’

Cn:={weW; dist(w,E) >1/n} and n,(w)

Note that n,(w) N Ic(w), Yw € W. Thus as n — o0
Y m(Y@) A #XTH0)NBAYTHC), as.
veX~1(0)NB
The fact that almost surely X has no zero in B NY~1(C) plays a key role in the above
equality:.
Forve ¥, ueU,neN, ®c CY7/,U)and ¥ € C(¥, W) we set
d, := dist(v, 0B),

Co@,U,B) == >  no(T())Fu(Ja(v))Gn(Ja(v))Fu(,dy)
ve®-1(u)NB

where F,, and G,, are defined by (2.2.3). An immediate modification of the proof of Lemma
2.2.7 yields the following continuity result.
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Lemma 2.2.13. The functions
CH Y, U)x CH ¥, W) 3 (D,T) — CY(D, T, B)

and u — CJ(®,¥) are continuous. O
We set
Cy(B):=C}(X,Y,B) = M (Y () ) En(Jy ) Gn(Jo ) Fru(dy ), (2.2.12)
veX~1(u)NB

Qu(B) = C(B)Gn(Cy(B) ).
These are measurable as compositions of continuous functions C*(7,U) x CY(¥,W) — R.
The argument in the proof of Theorem 2.2.5 now carries through without any conceptual
changes and yields (2.2.11a). O

The argument in the above proof can be used to produce the following version of Theorem
2.2.12.

Corollary 2.2.14. Let U, V and W be Euclidean spaces such that dimU = dimV = m.
Let ¥V C V be open. Suppose that

X:OxV->U, QxV>3 (w,v)— X,(v) eU,
Y:OxV->W, QxV3 (w,v)— X,(v) €U,
are C-Gaussian fields such that, for any v € ¥ the Gaussian vector

Qow— X, Y, cUdW.

is nondegenerate. For any any functions f C Cpt(”//) C’Cpt(W) we set
Zf,9:X.Y] = Z F@)g(Y ().
veX~1(0)
Then
E[Z[f,9: X, Y]] = LE[JUQ(Y(U))\X(U) = 0] f(v)px () (0)dv (2.2.13a)

= /1/ </WE[Jv’ X() =0,Y(v) = w]g(w)Py () [dw}) JF()px () (0)dv (2.2.13b)
O
Suppose that F' : ¥ — R is a Morse function and B C ¥ is a nondegenerate box. We

denote by D(F|p) the discriminant set of F|p, i.e., the set of critical values of F' |g. The
discriminant measure of F|p is the pushforward

Dpr = Ful[— => ¢[F'(t)n B, Fl5.
teR
The discriminant measure is concentrated on D(F|p). For ¢ € CY(R) we set
Dprle] = /RSO(t)QB,F[dt] = > 9(F(v)).

dF(v)=0
veEB
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When F' is random, Dp F[(p] is a random variable.

Corollary 2.2.15. Suppose that F : ¥ — R is a C? Gaussian function satisfying the J,-
ampleness condition

for any v € ¥ the Gaussian vector
Qsw—F,®dF, cRV”
s nondegenerate.

Then F' is a.s. Morse and, for any box B C ¥ and any function p € Cgpt(R) we have
E[Dprlel] =

2.2.14
= / </ EH det Hessp(v) ‘ ’dF(v) =0, F(v) =t]o(t)Pp) [dt]> Par(v)(0)dv. ( )
B R

O

2.2.3. Global Kac-Rice formula. Suppose that (M, g) is smooth, compact® connected
m-~dimensional Riemannian manifold and £ — M is a smooth real vector bundle of rank
m = dim M. We assume additionally that E is equipped with a metric A and a connection
VE compatible with the metric h. Denote by Vect(M) the space of smooth vector fields on
M and by vol, the volume measure on M determined by the Riemann metric g.

We set End(F) := E® E* — M. This is a smooth vector bundle over M whose fiber
over a point x € M is

E, ® E; = End(E,).
Suppose that u: M — E is a C'-section of E. For each point g € M we have a linear map
VEU: TyoM — Eyy, ToyM 3 v VEu(zg) := V%u(:co),

where X, € Vect(M) is any smooth vector field on M such that X,(xo) = v. Let us observe
that if u(x¢) = 0 and V%, V! are two connections on E, then

VOu(z0) = VViu(zg).
Indeed, if we set A = V! — VY then 4 is a section of T*M ® End(E). Then
Vyu(ao) — Vyu(zo) = A(X,)u(xo) = 0.
Thus, at every zero x( of the section u, the linear map
TooM — Eyy, v Vyu(xo).

is independent of the connection V on E. Following the custom in algebraic geometry we
will refer to this map as the adjunction map of u at x¢ and we will denote it by adj, (xg). A
zero xq of u is called nondegenerate if the adjunction map adj(xg) is invertible.

Theorem 2.2.16 (Global Kac-Rice formula). Suppose that (M, g) is smooth, compact con-
nected m-dimensional Riemannian manifold and E — M is a smooth real vector bundle of
rank m = dim M. Fiz a smooth metric h on E and a connection V¥ compatible with the
metric h.

3The compactness is not needed but it is the only situation we will deal with in this book.



92 2. The Gaussian Kac-Rice formula

Let U be a Gaussian random section of E — M that is a.s. C' and satisfies the ampleness
condition

Vz € M, the Ey-valued Gaussian vector ¥(x) is nondegenerate. (2.2.15)
Then the following hold.

(i) The zeros of U are a.s.-nondegenerate.
(ii) For any continuous function ¢ : M — R we set
Zle, ¥ = > elx).
U(z)=0

Then the Z[p, ¥] is measurable and

E[Z(% \I/)] = /ME[JVE\I}(x) ‘\I/(.%) = 0]]?\1,(90)(0)(,0(33) VOlg [dl‘] . (2.2.16)

Above, py(y) denotes the probability density of the nondegenerate Gaussian vector
V(z) and Jyeg) denotes the Jacobian of the linear map VEU(2) : T,M — E,
computed in terms of the inner product g, on T, M and hy on E,.

Proof. Clearly, the left-hand side of (2.2.16) is independent of the various choices: the metric
g on M, the metric h on E and the connection VF. We first prove that the right-hand side
of this equality is also independent of these choices.

1. Independence of the connection. This is easy. Given that ¥U(z) = 0 we have
VEY(z) = adjy (2)
and the right-hand side is independent of any connection on F.

2. Independence of the metric g. Suppose that g', ¢° are two Riemann metrics on M,
then there exists a smooth endomorphism S of T'M that is symmetric and positive definite
with respect to the metric ¢ and such that

gHX,)Y)=4¢"(SX,Y)
Then
volg [dx] = \/m-volgo [dx],
Denote by J& the jacobian of L, : VFu(z) : T.M — E, computed with respect to the inner

product g% on T, M and the inner product h, on E,. The inner products g* determine two
Lebesgue measures Agi on T, M related by the equality

Agl [dv] = /det S, - Ago [dv].
The inner product h, determines a Lebesgue measure Aj,_ on E,. The equality (A.1.6) shows
that
A, = Jg - (La) g Agi

T

Hence
Jgo - (Le) s XS = Jp - (La)xAgs = (Jp\/det Sz ) - (Lg)#Ag0

so that
Jl — 1 JO

T /det S
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Hence

E[J;|¥(z) = 0] vol [dz] = \/d;i&rE[Jg\ U(z) = 0]+/det S, voly, [ dx |

proving that the right-hand side of (2.2.16) is independent of the metric g.

3. Independence of the metric h. Let h’, h!' be two metrics on E. We denote by Vari(:r)
the variance operator of ¥(z) determined by the inner product hé(x) on E,. The probability
density of WU(x) depends on the inner product on E,. We denote by pfp(x) the probability

density of ¥(x) determined by the inner product h’(z). We have
1

- \/det (27 Var'(z)) '

There exists a smooth endomorphisms G of E which is symmetric and positive definite with
respect to h¥ and such that

At (u,v) = h°(Gu,v)
for any smooth sections u,v of E. As explained in Remark 1.1.17 we have
Var!(z) = Var’(2)G ()

so that
1 0

pllll(z)(o) = \/pr(x)-
Using the same notations as in the proof of the independence of g we have
Mg = JE (La)yAg,, i=0,1
and
Apy = V/det G(z)Apg
from which we deduce that J! = \/m - JU. Hence
E[J1] ¥(2) = 0]ply) (0) = VAt G@)E[ J2| ¥(z) = 0] Gl(x)p%(x)(()).
The point of the above exercise is clear: if we could prove (2.2.16) for some convenient choices
of g, h, V¥, then we would have a proof for any choices of ¢, h, VE.
Using partitions of unity we can reduce (2.2.16) to the case when ¢ is supported on a
open subset O C M with the following properties.
e The open subset O is diffeomorphic to an open subset ¥ C R™.
e The restriction of E to O is trivializable. Fix one such trivialization, E|g = R

Here Ry denote the trivial vector bundle over O with fiber R™ .

Then we can identify the restriction to O of the section ¥ with a random Gaussian map
¥ : ¥ — R™. Suppose now that the restriction of g to O corresponds to the Euclidean metric
on ¥, the restriction of h to E|g corresponds to the trivial metric on the trivial bundle R},
and the restriction of VE to E|g corresponds to the trivial connection on R}

In this case (2.2.16) reduces to the local Kac-Rice formula (2.2.9).
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Remark 2.2.17. The equality (2.2.16) displays a remarkable phenomenon: the quantity

E[JvE\I;(I)‘ U(x) = 0]]7‘1/(1:)(0)90(33) volg [dx]

is independent of the various geometric choices: the metrics on M and E and the connection
on E. It depends only on the ample Gaussian C! section W. Since this quantity is something
one can integrate over a manifold it is called a 1-density in geometric parlance; see [117,
Sec.3.4]. Thus the global Kac-Rice formula describes explicitly a canonical 1-density on M
whose integral over a Borel subset gives the expected number of zeros of ¢ in that Borel
subset. We will refer to it as the Kac-Rice 1-density.

w A word of warning! The concept of 1-density is not to be confused with the concept of
density used in analysis and in physics. For example, a 1-density on a Riemann manifold
(M, g) is essentially a measure v on M that is absolutely continuous with respect to the
volume measure vol, determined by the metric g.

The analysts’ and physicists’ density is the Radon-Nicodym derivative dff—glq, also called
the density of v relative to vol,. When working on R™ with the usual Euclidean metric, then
dvoly is the Lebesgue measure the concepts of 1-density and density tend to be confused. In
geometry this confusion could lead to erroneous conclusions.

We could have formulated the Kac-Rice formula in the language of 1-densities from the
start. We chose not to do so since the concept of 1-density is not widely known and can
obscure the simple nature of this result in concrete situations. a

Let us mention a few immediate consequences of the global Kac-Rice formula.

Corollary 2.2.18. Suppose that ¥ is an ample Gaussian C'-section of the smooth vector
bundle E — M of rank m = dim M. Then, for any compact set K C M, the expected number
of zeros of ¥ inside K 1is finite. a

Corollary 2.2.19. Suppose that (M, g) is a compact Riemannian manifold and F : M — R
is a Gaussian C? function such that the random section dF : M — T*M is ample. Denote
by V9 the Levi-Civita connection on T*M. Then the following hold.

(i) The function F is almost surely a Morse function, i.e., all its critical points are
nondegenerate.

(ii) For any continuous function ¢ : M — R we have

E[Z(gp,dF)] = /M go(w)E[ HessF(:c)‘ df (z) = O]pdf(x)(O) volg [d:):],

where the Hessp(x) is Hessian of f at x, Hessp(z) = VIdF ().
O

Remark 2.2.20. In the above corollary we need not have fixed a metric. As explained in
Subsection 1.2.7, the Gaussian function F' defines both a metric on 7% M (hence a metric
g™ on M) and a connection on 7% M compatible with it. This connection is the Levi-Civita
connection of the metric ¢g°®*. We could have described the Kac-Rice 1-density entirely in
terms of g, a



2.3. Applications 95

Similarly, Corollary 2.2.15 has a global counterpart.

Corollary 2.2.21. Suppose that (M, g) is a compact Riemannian manifold and F : M — R
is a Ji-ample C? Gaussian function, i.e.,

for any p € M the Gaussian vector F(p)®dF(p) € R®&T, M is nondegenerate.

Denote by Dp the discriminant measure of F'

Dp = Z 5F(p)zz#{p;F(p)=t, dF(p) =0 }6;.
dF(p)=

p)=0 teR
Then F is a.s. Morse and, for any ¢ € CO(R) we have
E[Drly]]
= /M </RE[ |det Hessp(z)| | dF(z) = 0, F(x) = t | o(t)Pp(y) [dt]) Par()(0) volg [dz .
(2.2.17)
O

Note that both sides of the above equality are Daniell integrals. The Daniel-Stone the-
orem [49, Thm. 4.5.2] imples that (2.2.17) holds with ¢ replaced by an arbitrary bounded
measurable function.

2.3. Applications

In the immortal words of Yogi Berra “in theory there is no difference between theory and
practice. In practice there is.” The applications of the Kac-Rice formula are good illustrations
of the above principle. It this section we will show how the Kac-Rice formula works in some
concrete situations. We start with the 1-dimensional situation. Even in this simplest of the
situations we will reach beautiful geometric conclusions.

2.3.1. Some one-dimensional applications. Suppose that I C R is an open interval of
the real axis and F : I — R is a centered C! Gaussian function such that for any ¢ € I the
Gaussian random variable F'(t) is nondegenerate. Let K : I x I — R be the covariance kernel
of F(t), i.e.,

K(t,s)=E[F(t)F(s)], Vs, t€l.
Since F'(t) is nondegenerate we have K (t,t) > 0, Vt. We set Z[F] := Z[I, F], i.e., Z|F] is the
number of zeros of F'in [.

The local Kac-Rice formula implies that

E[Z[F]] = /IE[]F’(t)\ IF(t) = 0] (0) dt. (2.3.1)

-~

=:pt
We need to clarify the nature of the integrand p; in the above equality. Observe first that
1

Pr@5(0) = \/W

Observe next that F'(t) is a continuous Gaussian function with covariance kernel

E[F'(t)F'(s)] = 0L K(t, s).
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Note also that
E[F’(t)F(t) ] = (375[((75, S)S:t'
The Gaussian regression formula (1.1.20) shows that
E[|F'(t)] |F(t) = 0] =E[| X|]
where X is a centered Gaussian random variable with variance,
O K (t,s)2
Uy = 8t23K(t7 S)s=t — W
Hence

(1.18)

E[|F(t)] |F(t) =0] (20¢/m)'72,

and

, <8§tK(t, $)K(t,s) — 9, K(t, 3)2)1/2
t p—

— 2
K(ta 8)2 - \/a&t logK(tvs)t237

o (2.3.2)
E[Z[F]] = W/Iptdt.

Example 2.3.1 (Kac polynomials). Suppose that F'(¢) is a random polynomial of the form
n
F(t) = Fut) = ) Apt",
k=0

where the coefficients are independent standard normal random variables. In this case the
covariance kernel is
1— (St)n+1
K(s,t) = ———.
(s,1) 1— st

Denote by Z,, the numbers of real roots on F,.

Such random polynomials are referred to as Kac polynomials, the Kac in Kac-Rice. They
were first considered by M. Kac [77] in 1943 when he proved the first version of (2.3.2). More
precisely he showed that

1 1 (n + 1)
E[Z,] =— (1) dt, t) = — . 2.3.3
(2] = 5 [ VRO dt, £.0) = s — ey 233)
For example,
1 9t 21

PO =G o T e e
and
E[Z,] ~ 0.5055.
In particular, we deduce that
P[Zy>0] = %E[ZQ] ~ 0.25.
In [77] M. Kac proved the rather surprising result

2
E[Z,] = ;logN—i—O(l), as n — oo.
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This can be a bit refined; see [51, Sec.2.5]. More precisely, there exists a universal constant
C >0 (C = 0.6257...) such that as n — oo we have

Zn:2<logn—|—0+2>+0(1/n2). (2.3.4)
T nm

The results in [44] imply that the expected number of critical points of F),(¢) is also of the
order logn as n — oo. O

Example 2.3.2 (The Kostlan statistics). Consider the Kostlan random polynomials
n
Fot) = Xit",
k=0
where the coefficients X} are independent normal random variables with mean zero and

variances
Var [ X, ] = <Z>

Denote by Z, the number of real zeros of F;,. In this case the covariance kernel is

K(s,t) = En: (Z) (st) = (14 st)N

k=0

and we have
Ns

1+ st’

VN
1+t2

log K (s,t) = Nlog(1+ st), OilogK(s,t) =

N
ma Pt = \/831; log K (s,t)]s=¢ =

The Kac-Rice formula implies that the expected number of zeros is

2N [ 1
BlZn] == /0 eV

We see that the Kostlan random polynomials have, on average, more real zeros than the Kac
random polynomials. O

% log K (s,t) =

Example 2.3.3 (The Legendre statistics). Recall that the Legendre polynomials are
obtained from the sequence of monomials (t¥);>o by applying the Gramm-Schmidt procedure
with respect to the inner product in L?([—1, 1], dt).

Concretely, the degree n Legendre polynomial is

pull) = ,/2”; L), 0a(t) = 27}”!%@2 ) (2.3.5)

We can construct a random polynomial

N
Fyn(t) =Y Xupr(t),
k=0
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where X} are independent standard normal random variables, Vk. Using the Christoffel-
Darboux theorem [149] we deduce that its covariance kernel is given by

N
K(s,t) = S pilspu(t) = “o L fN+1<t>€N<sz - ﬁNH(s)eN(t)_
k=0

O

M. Das [42] has shown that the expected number of zeros of Fiy(t) in [—1, 1] is asymptotic to
%N for large N. The Legendre ensemble displays an even stronger bias towards a relatively
large number of real roots. The reason is that the number of zeros of the Legendre polynomial

£, goes to co as n — oo. a

I want to describe two nice geometric applications of the 1-dimensional Kac-Rice formula.
My presentation follows [119].

Example 2.3.4. Suppose that C is a smooth closed curve on the unit n-dimensional sphere
S"={(zo,21,...,2y) ER"™ 2 +ai+ - +a22 =1}

Denote by L its length. By Equator in S™ we mean an (n — 1)-dimensional sphere obtained
by intersecting S™ with a hyperplane through the origin. An Equator divides the sphere into
two parts called hemispheres. Using the Kac-Rice formula we will prove, in one stroke, two
related facts.

(i) If L < 2w, then this curve is entirely contain in some hemisphere.

(ii) If L > 2w, then there exists an Equator of the sphere that intersects the curve in
at least four points.

The case n = 2 of (i) seems to be part of the folklore of mathematics; see e.g. [153,
Problem 1.10.4]. The case n = 2 of (ii) was proved more recently, in a 2008 American
Mathematical Monthly paper, [72]. The authors refer to it as a 1969 conjecture of Hugo
Steinhaus. Here is a probabilistic proof of these facts.

Parametrize C' by arclength, [0,L] 5> s — x(s) := (zo(s),...,z,(s)) € R, Since
C C S™ we have |x(s)| = 1, Vs, where | — | denotes the natural Euclidean norm. Moreover,
since this is arclength parametrization we have |2/(s)| = 1, Vs.

Any vector u € R™"! determines a linear functional £, : R"™! — R, £, (x) = (u,x),
where (—, —) is the canonical inner product in R™*!. To prove (i), we have to show that
there exists u # 0 such that the restriction of ¢,, to C has no zeros. To prove (ii), we have
to show that there exists w # 0 such that the restriction of £,, to C has at least four zeros.

The restriction of £,, to C' can be identified with the function f, : [0, L] — R, fu(s) = (u, x(s)).

Choose independent standard random variables (Ug)o<k<pn and form the random Gaussian
function

Fy: [O,L] — R, FU(S) = ZUﬂZi(S)
1=0

Its covariance kernel is K (s,t) = (x(s), z(t)). We deduce

1d

a = {@(t),x(t)) = @) =1, b= Kj(s,1)],_, = (@(t),2(t)) = 5~ |=(®)[* = 1,

c = KJi(s,t)] = |2 (t) ‘2 =1.

s=
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The ampleness of Fyy follows from the equality a; = 1. We can apply the Kac-Rice formula

to deduce that the expected number of zeros of Fy; is Z¢ = &

.

To reach the conclusions (i) and (ii) we need an additional input, topological in nature.
Observe that if f,, has only nondegenerate zeros, then it has an even number of them. Indeed,
a nondegenerate zero of f,, corresponds to a point where the curve C' crosses the hyperplane
{ly, = 0} transversally from one side to the other. Since the curve is closed, it must cross
this hyperplane an even number number of times.

The ampleness condition a; > 0 implies that the zeros of Fy; are almost surely nondegen-
erate. Thus, almost surely, the function Fyy has an even number of zeros.

If L < 2m, then Z¢ < 2, and the probability that the number of zeros of Fy is < 2 is
positive. Since Fyy has an even number of zeros we deduce that the probability that Fy; has
no zeros is positive. This proves (i).

If L > 27, then Zo > 2. Hence, the probability that Fyy has more than two zeros is
positive and we deduce that the probability that Fyy has at least four zeros is positive. This
proves (ii). 0

Example 2.3.5 (Fary-Milnor). Suppose that

0,L] 5 s — 7(s) = (x(s),y(s), 2(s)) € R

is the arclength parametrization of a smooth knot K in R3. Here, by knot I understand a
smoothly embedded S' in R3.

Consider a random linear function
H:R?> >R, H(z,y,z) = Az + By + Cz,

where A, B, C are independent standard normal random variables with mean zero and vari-
ance 1. Denote by pu(H) = p(A, B,C) the number of critical points of the restriction of H
to the knot. These are the points on the knot where the vector (A, B, C) is perpendicular to
the tangent vector to the curve at that point.

The restriction of H to the K is described the Gaussian random function
F(s) = Ax(s) + By(s) + Cz(s).
Note that the critical points of H|x correspond to the zeros of the derivative.
F'(s) = A2/ (s) + By/(s) + CZ/(s)
The derivative F’(s) is a Gaussian random function with covariance kernel
K(s1,82) = (s1)2"(s2) + ¢/ (51)y'(s2) + 2 (51)2'(s2) = T(51) ® T(s2),

where (T, N, B) is the Frénet frame along the curve and e denotes the standard inner/dot
product in R3. We have

aSQK(Sl, 82) = T(Sl) ® T/(SQ) = K(SQ)T(Sl) [ ] N(Sg),
where x denotes the curvature of the curve. Similarly
852152K(3132) = k(s1)k(s2)N(s1) ® N(s2).

We deduce
K(s,8) =1, 05,K(s,5) =0, 0%, K(s,8) = r(s)%, ps=|k(s)|.

5152



100 2. The Gaussian Kac-Rice formula

Hence the ampleness assumption is satisfied. The Kac-Rice formula implies that the critical
points of H|x are almost surely nondegenerate. They come in two types: local minima and
local maxima. We denote by my(H) the number of local minima/maxima of H|x. Then,
almost surely, m_(H) = my(H) and u(H) = m_(H) + m4(H). The Kac-Rice formula
(2.3.2) implies that

1

L
1
E[p(H) ] =2E[my(H)| = 7T/0 |k(s)|ds = - the total curvature of the curve.

This result was first proved independently by I. Fary [56] and J. Milnor [103]. In particular,
Milnor, who was an undergraduate at the time, used this to prove a conjecture of K. Borsuk
roughly stating that, to knot a curve, you need to bend it quite a bit. More precisely, if the
total curvature is < 4, then the knot K is the unknot. O

2.3.2. The distribution of critical points. Things get substantially more involved for
Gaussian functions of several variables, but in certain cases we can still say something that
is meaningful.

Example 2.3.6 (Random trigonometric polynomials with given Netwon polyhedron). Con-
sider the random Gaussian trigonometric polynomial

Xn(0) = Xn(01,...,6m)

defined in Example 1.2.17. Its covariance kernel is

(9_’_’) SN9 ¢ 265(35
KEPN

Above Py = N - P | where P is a fixed Newton polyhedron, i.e., a convex polyhedron in R™,
with vertices lattice points, containing the origin in the interior and symmetric about the
origin. For m = 1 and P = [—1, 1] the number of zeros of Xy were first investigated by S.
O. Rice [135], the Rice in Kac-Rice.

Denote by Zy or Z(Py) the number of critical points of X on the torus T™ = (R/27Z )™
or equivalently, the number of zeros of its gradient Gy = VXy on the box B,, := [0, 27]™
We have seen in Example 1.2.17 that G is ample for all N sufficiently large. We deduce
from the Kac-Rice formula (KR) that

E[Zn] :/B E[[detHessXN(g)] ‘VXN(g) = O]Z?VXN(H)(O)dg

The computations in Example 1.2.17 show that the above integrand is independent of 6. We
have
1 (1.2.12) 1

:\/det(27r)Var[VXN(O)] VAt NTM(P) (2.3.6)

~ (2m) 2 (det M(P))TANTMmER2 N o0,

Pvxy0)(0)

The Hessian Hy () = Hessx (9) is a Gaussian vector valued in the space Sym(R™) of
symmetric m x m-matrices. This is a Euclidean space of dimension m(m + 1)/2 with inner
product

(A, B) = tr(AB).
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On Sym(R") we can use the orthonormal coordinates (wj; )
Aii’ L= j7
wij(A) = -
N {\@Az‘j, i # ]
The variance operator Var [H N (5)] is given by the matrix

Q(N) = (Q(N)ij\kz)§§i§j§m,

<k<i<m

L<i<i<m’ where

where

Q(N)ijike = E|wij(Hy)wie(Hy) |
Consider the quadratic functions ¢;; : P —+ R
a7, i=j

V2wizy, i .
We denote by Q(P) the Gramian matrix of the collection (qij)

qij(xl, e ,."L‘m) = {

with respect to the

m(m+1 m(m+1
(m+1)  mim1)

1<i<j<m

inner product on L2(P, A). This is a nondegenerate symmetric matrix of size
From the equalities

—

E[Hy(0)ij Hn (0)ke ] = 079,03, 5,Sn (0 — 5)52(; = 3.7 1 SN (0)
and (1.2.7) we deduce that
Q(N) ~ N™Q(P)(1+ O(1/N)),

To compute the conditional expectation E||det HN(g)]| VXn(9) = 0] I plan to use the

G}‘rlaussmn regression formula so we need to find the correlation operator C' H (@),5 Xy (5)° Note
that

E[ Hn (0)ij05, Xn(0)] = 03,6,05,Sn(0 — &) =02, Sn(0) = 0.

TiTj Tk
—

Hence the Gaussian vectors Hp(f) and VXn(f) are independent. Denote by Loy the
centered Gaussian measure on Sym(R"™) with variance Q(N). We deduce

E[|det Hy(0)] | VXn(0) = 0] :/ | det A |Tgny [dA]
Sym(R™)
(A= Nm+9/2p)
= Nm<m+4>/2/ | det B|T y—mino(ny [dB].-
Sym(&™) Q(N)
Observing that N~ Q(N) ~ Q(P) as N — oo we deduce
E[|det Hy(6)] | VXN (0) = 0] ~ Nm<m+4>/2/ | det B |Tg(py[dB].
Sym(RnL)
The last integral is strictly positive since the Gaussian random matrix Q(P) is nondegenerate.
Putting together all of the above we deduce that as N — oo we have

E[Zn] ~ vol(Bm) x (27r)—m/2( det M(P) )_1/2N—m(m+2)/2

o Nm(me+) /2 /

| det B[ Toqr [45]
Sym(R™)
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~ (2m)™?( det M(P)) ™'/ (/S )| detB\rQ(P)[dB]) N™

ym(R™

~ (27r)m/2( det M(P))_1/2 (/s | ‘ det B ‘ F@(p)[dB]) V\?(ii(PPN))

— K(P)vol(Py),

ym(R™

where
B (zﬂ)m/2
E) = (det M(P))"? vol(P) </Sym<ﬂw) | det B [Taer [dB]>

The results of Bernshtein [18] and Kouchnirenko [83] imply the very rough upper bound
Z(Pn) <mlvol (Py) as. (2.3.7)

The result we have just proved shows that as N — oo, IE[Z N] has the same order of growth
as vol (PN) indicating that the mean of Zy is close its theoretical max.

In [110] I computed the constant K (P) for various polyhedra P. As a special case let
me mention the polygon in R? with six vertices

(1,1),(-1,-1),(1,0),(-1,0),(0,1), (0, —1).
Its area is 3, so the inequality (2.3.7) predicts that Z(P) < 6 a.s..

V.I. Arnold has proved in [8] that this inequality is sharp, i.e., sup Z(P) = 6 a.s.. He
achieved this using topological techniques that allowed him to conclude that there exists a
trigonometric polynomial with Newton polygon P which is Morse and has exactly 6 critical
points.

In [110] I proved that
4
E[Z(P)] = 5 ~ 4.188

Hence, with positive probability, there must exist trigonometric polynomials with Newton
polygon P and at least 5 critical points. The random trigonometric polynomial X;(P) is a.s.
Morse so it has an even number of critical points almost surely. Hence, the probability that
there exists a Morse polynomial X;(P) with exactly 6 critical points is positive. O

Example 2.3.7 (Isotropic Gaussian functions). This example might seem rather special, but
as we will see later on, it is universal.

Consider the smooth isotropic Gaussian function ® = ®, on R constructed in Example
1.2.35. We recall its construction.

We fix an amplitude a, i.e., an even Schwartz function a € §(R) such that a(0) = 1.
Consider the finite measure p, € Meas (Rm)

Ha[d€] = ———wa(©A[dE], wa(€) = wam(€) = a(l¢])”.

1
(2m)™
The statistic of the random function ®, is determined by its covariance kernel

Kol,y) = Ka(z —y), Ka(z)= (2;)m /Rm ) () de (23.8)
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The Gaussian function @, is a.s. smooth, isotropic and p, is its spectral measure. We set
Cq = C[—, D] = Z O (2.3.9)
V&q(x)=0

Thus, €,[B] is the number of critical points of ®, in B. I want to compute E[€&,[B]] for a
box B C R™.

For any multi-indices a, 8 € (Zzo )m we have

E[@O‘@a(w)aﬁfb (y )] — Ggagxa(ac,yﬂ o=y
(- 1)lAllgled+18l / s ) (2.3.10)
— s [ Y7 a(lg])dE.
e ()
For any multi-index o € (Z>0 we set
dim [ enalde] = g [ ealila
We say that the multi-index a = (v, . .. ,am) is even if a; is even for any j = 1,...,m. The
multi-index « is called odd if it is not even. The radial symmetry of a( €| ) implies that
Mg =0 if a is odd. (2.3.11)
Using spherical coordinates on R™ we deduce that for any o we have
1 [o¢]
M = m=ltlalq(r)2g / “volgm-1 [dE] . 2.3.12
@ = Gy (/0 r a(r)“dr | x Sm—1§ volg 1[&] ( )

=Mmq
Note that my, is independent of a. In particular, my is the “area” off the unit sphere S™~1.

If we let ag := (27)™/%e~ T, then
M;‘) = / 576*|§\2/2d§ — (27r)m/2 H/ 50‘17[615],
R i1 /R

where v denotes the Gaussian measure on R with mean zero and variance 1. If « is even,
a = 2k, then

M;O 119) m/2H K _1
On the other hand, using (2.3.12) we deduce

[oe)
M. = mzn/ prt2lel=1e—r®/2g, \/Zmzﬁ/ |2y [ da ]
0 R

(1;6) 2|”|+m/2_1m2,{f‘( ‘K]| + m/2)

Hence

— olsl+m/2— 1H] 1(2’% B 1)” N 2Hj:1 F(/‘Gj + 1/2)

D(lal+m/2)  T(|sl+m/2) (2.3.13)

For every k € Z>o we set

Ix(a) := /OOO rEa(r)?dr.
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We deduce ) r o
mmmM?=2%qﬁmm>¥ﬁafEL{) (2.3.14)
We set
Sy 1= /mua[dg], Ay = ng%ua[dg], By i= ng%ggua[dg]. (2.3.15)
Then
20¢ = 20/ (a) = (27)™s (2.3.16)
| atleD (/%nll = (2m)"s,, 3
/ &Fa(l¢]) df_mfm-i—l(a):@ﬂ)mdm, V4, (2.3.17)
T m/2
| geatich?a fé+mbmxw=@me,w¢k, (2:3.18)
/ &la(|g))?dg = T /2+1)Im+3(a):3(27r)mhm, V. (2.3.19)

Using (2.3.10) and (2.3.11) we deduce that for any x € R™ the Gaussian vectors V®4(x) and
Hesso, () are mdependent Hence, the Kac-Rice density
pa(x) = E[| det Hessq, ()| | VOa(x) = 0]pya,()(0)

simplifies to
pa(x) = E[ | det Hesse, ()] | pya, () (0)-
Using (2.3.10)and (2.3.17) we deduce that the variance operator of V& (x) is
Var [V®(z)] = dmly, Ve eR™ (2.3.20)
In particular, this show that V@, is an ample random field and thus ®, is a.s. Morse.

As explained in Example 2.3.6, the space Sym(R"™) of real symmetric m X m matrices is
equipped with an inner product (A, B) = tr(AB). The linear functions

lij,wij : Sym(R™) = R, 1<i<j<m,
Qi i =],
lii(A) = aij, wii(A) =< "
5(4) = ay, wi(4) {¢%m L
define coordinates on Sym(R™). Additionally (wij)
to the above inner product. We set

L,-j(a:) = EU( Hess% (w) ), Qij (m) = wij( HeSSq)a ($) ) (2.3.22)

(2.3.21)

I<i<j<m are orthonormal with respect

Then .
2 2 2 L
Note that if ¢ < j, then the above integral is nonzero iff (i, 7) = (k,¢) in which case
2
E[Lij(w)Lkz(w)] E[ (07,0, Pa(2))"]

2318

5] |§’
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If i = j then the above integral is nonzero iff £ = ¢, in which case we deduce from (2.3.18)
and (2.3.19)

h 1 #k

E[ 02 ®q(2)02 Bg(x)] =< ™" ’

[0, 20()0r, Pa(@) {ma, i=k.

The above equalities can be rewritten in the more compact form
]E[Lij(m)Lkg(m)] = hm(5ij5k€ + 0ik0j0 + 0500k ), Vi <j, k<U{. (2.3.23)

These equalities show that the off diagonal entries of Hessg, are i.i.d., and also independent
of the diagonal entries. The diagonal entries have identical distributions but are dependent.
The parameter h,, describes the various variances and covariances.

The Gaussian measure on Sym(R™) determined by these covariance equalities is invariant
with respect to the action by conjugation of O(m) on Sym(R™). This corresponds to the
Gaussian ensemble of random matrices denoted by glmohm i Appendix C.1. For ease of
notation we set §im = an’”’hm. In particular this proves that

Yz € R™, po(x) = pa(0) = (27dp) "/ *Egn,, [ | det H | (2.3.24)
We deduce from the Kac-Rice formula (KR) that for any box B
E[¢,[B]] :/ pa(@)A[dz ] = pa(0)A[ B] = (27dy,) ™ *Egn,, [| det H|]A[ B]
B

(X = (2hy) "2 H)
m/2
_ (3;) Egy[| det X|]A[B].

Lemma C.1.2 with u = v = % implies that
3 m+3\ 1 82
E1/2[\detH|] —osp (212 /pm+11/2(:c)e 7 dx,
Sm 2 ™ JR ’

where pn ,(A) denotes the normalized 1-point correlation function of the Gaussian Orthogonal
Ensemble GOEY, = 8(])\}”; see Appendix C.1.

Using the equality (C.1.10) we deduce that

n1/2,0n,1/2(n1/29) = pn,1/2n(y)a
so that
1 z2 1 (7n+1)y2
— “2dr = — T2 d
ﬁ/IRpm-i-l,l/Q(x)e 2 ar ﬁ/RPmH,Q("}m(y)@ 2 Y

9 \1/2
B <m+1> Apm+17m(y)7min[dy]'
We deduce form (C.1.15) that

p 1 (y)y_a [dy]wiasm%oo.
R Mt L 5D 2(m+1) T

Hence
E[€[B]] = Cr(a)A[ B] (2.3.25)
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where
Crm(a) = pa(0) = (27dy) By, [ | det H]|]

s (mA43\ b \"2 ([ 2 \Y? (2.3.26)
_22P< 2 > (de> <m+1> /Rpm“’%mlm(y)’y(mil)[dy].
Sip (M 3Y (i m2 o Y2 .
2 wdm m+ 1 as T ee
Using (2.3.17) and (2.3.18) we deduce
by T(14+m/2)  Ipis(a) 21 y3(a)
_— = X = .
G T+ m2)  Tuna(@)  (m+ Dlmsa(a)
Hence
m/2
Con(a) ~o 2902 (Ll g (3 oy
dpm(a) 2
s (2.3.27)
~ 9730 < Lm3(a) ) r <m+3> m Y2 as m — oo.
(m+ 2 i1 (0) 2

The constant C,(a) tends to grow very fast as m — oo, but its large m behavior depends on
the tail of the amplitude a. Roughly speaking, the slower the decay at oo of a the faster the
growth of C,,(a). Here are some examples. Appendix B.4 contains their proofs.

o If a(t)? = e, then
log Cyp(a) ~ % logm as m — oo.

o If
a(t)? = exp(—(logt)log(logt) ), Vt > 1,
then o
log Cpy () ~ 56m+2(62 —1), asm — oo.

e Fix C'>0and a>1. If
a(t)? = exp(—C(log ) ), vt > 1,

then
Z(a,C) _a_
———"ma-1_ asm — 00,

)

log Cpm(a) ~

a—1
where Z(a, C) is a positive constant depending explicitly on o and C.
O

Example 2.3.8 (Random Fourier series). Fix an amplitude a, i.e., and even Schwartz func-
tion a € §(R) such a(0) = 1 and consider the Gaussian function F*(f) defined in in Example

1.2.31. More precisely,
FR(@) = R_m/2<A0u0 +3 a( |27l |/R) (Apud0) + Bd6)) )
-0
where Az, Bg, 7 >0, k= 0 are independent standard normal random variables. We view Fc{%
as a Z™-periodic random smooth function on R™.
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304

204

—204

Figure 2.2. Samples of F* form =1, a(t) = et At the top R =10 and at the bottom R = 100.

As in the previous example we set

wa(€) = wam(€) = a([€])*
and define as in (2.3.8)

Ko(w) = i@ = [ 6, (e

In (1.2.25) we showed that the covariance kernel CZ of Fff admits the description

I - 1 o o
ClE+78) =GP = Govm 2 Wa((F=T)R)
kezm
=K.(7R)+ Y  K.((k—7)R).
kezZm™\0
=:£(7)

I want to investigate the distribution €[ —, Fff] of critical points of F.

The random function Ff is highly oscillatory as R ,* 0o so we expect that it will have
more and more critical points as R increases; see Figure 2.2.
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Before we proceed further we need to introduce some terminology. We will denote by
O(R*OO) any quantity ¢(R) such that, for any N € N, we have

q(R) :O(R_N) as R — oo.

Fix a box B C [0,1]™ C R™. Since K, is a Schwartz function we deduce that for any
multi-index a € (Z>o "

92KE(0) = RN K4 (0) + O(R™™)), as h\,0. (2.3.28)
We have
E[ 02 P 0)0LF(@)] = 0505CH(6,5),
and thus

E[0°F(0)0°F () |5, = 050%C8 (0, 8) g_y = (—1) P02 0).
Observe that since CI(7) = CE(—7) we have

05055 (0,7)5_ =0

if |a| + |5 is odd. Hence
VFf(é) and Hesspr (5 ) are independent Gaussian vectors for any 0. (2.3.29)
We deduce from (2.3.28) that

(_1)|ﬁ|0?+605(0) — Rlol+l8] ( (—1)‘ﬂ'8$+5Ka(0) " O(R_OO) )
On the other hand,

(—1)/02H Ko (0) = B[ 0°®4(0)0®a(9) |5_-
Hence
Var [R™!VE}] = Var [V®,]| + O(R™)
and
Var [ R~ Hesspr | = Var [ Hessg, | + O(R™™).
We have computed the covariances Var [Vfba] Var [ Hessg, ] in Example 2.3.7.
We set
szb = Q:[_chF]'
Fix a box B C [0,1]™. Since Ff is stationary, the Kac-Rice density p[zzf is constant and

we deduce
E[¢F[B]] = E[|det Hess pr (0)] | py pr(o) (O)A[ B].

We have
E[|det Hess pr(0)] | = R2mIE[ |det R Hess 1 (0)] 1,
Pyvir)(0) = R"pp-1ypr)(0) + O(R™>).
Hence
E[¢Z[B]] = R*™E[ | det Hess zr (0)| |Pp-1v (o) (0)A [ B]
Since

E[|det R—2 Hesszr (0)] ]ph,VFf(o) (0) = E[ | det Hessa, (0)| | pvae, (0) + O( R™>)
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we deduce

E[&[B]] = R™(E[&[B]] + O(R™™)

= R™Cyn(a)vol [B] + O(R™™). (2:3.30)
More generally, if f € CO (R™) we have
E[¢[f]] = E[|det Hesspr(0)| [pypp)(0) | f(@)dz
R (2.3.31)
_ Rm(Cm(a) +O(R™) ) [ Sy
O

2.3.3. The distribution of critical values. Consider the isotropic Gaussian function
®, : R™ — R whose critical points were investigated in Example 2.3.7.

We recall that a € S(R) is an even Schwartz function such that a(0) = 1. The function
®, is determined by the covariance kernel

Ko (e, y) = Ko(z—y), Ka(a:):/ e e ], (2.3.32)

m

where the spectral measure p, € Meas (]Rm) is given by

1 2
pald€ ] = Gsmwn(©ALdE], wal€) = wam(€) = a(le])"
The random function ®, is a.s. Morse. We set €4 = €[—, ®4]. Thus, for each box B C R™,
C4[B] is the number of critical points of ®, inside B. According to (2.3.25) we have
E[€[B]] = Cula)A[B).
where Cyy, (a) is the positive constant described explicitly in (2.3.26) and X[ B ] is the (Lebesgue)

volume of B. In particular, €4[B] is a.s. finite. We denote by ®p the random measure on
the real axis

@37‘1 = Z 6<I>a(m) € Meas (]R)
xeBNVE(0)
I will refer to ® g o as the discriminant measure of ®4|p. It is supported on the set of critical
values of ®,|p. In singularity theory this set is usually referred to as the discriminant locus*
of ®,.

For every Borel set C' C R we have
Dpa[Cl= D  Ic(@(®)) =#{m € B; V() =0, Po(x)cC}.
xEBNVP4(0)
Note
Dpa|R] = & B].
This subsection is devoted to an investigation of the random measure 4 g. Note that the
expectation

v[C] = E|Dpa[C]] (2.3.33)

4The term “locus” is meant to suggest that this set has additional structure. In algebraic geometry it is a a scheme.
In our looser context the additional structure is a measure supported on this set.
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is a Borel measure on R. It describes the expected number of the critical values of ®,|p that
are located in C'. Set
Hessq(x) := Hessg, (), = € R™.
In Example 1.2.35 we proved that ®, is Ji-ample so the Gaussian vector
W(x) = Wy(x) := Pq(x) ® VPqu(2) (2.3.34)
is nondegenerate for any « € R™.
The Gaussian random variable ®4(x) has variance

E[a(0)2] = Ka(0) “E7 s,

Hence

Var [W(z)] = [ e dmo]lm ]

We can thus invoke (2.2.11b) to deduce that if C' C R is a compact interval, then
w[C] = [ r@@paw(0)de

where

r(z) = [ E[|Hessq(z)| |[VPa(x) =0, Po(x) = t]P%(m) [dt].

I q

r Vx. We deduce from Fubini’s theorem that

As shown above Pg, (4 S
ve[C] = /Cpa(t)l"sm [dt], (2.3.35)

where

palt) = /BE[ | Hessq(x)| | Pa(x) = t, VP4(x) = 0] Py, (z)(0)dx
G229 (9rd,, )™ /B E[ | Hessq()| |V (z) = (t,0) |da (2.3.36)

— (2ndy, ) ""*E[ | Hessq()| |W (x) = (t,0)] vol [ B].

At the last step I have used the stationarity of ®, that implies that the integrand in the
second equality is independent of . To compute the above conditional expectation I will
rely on the Gaussian regression formula.

The variance of Hess, is given by (2.3.23)
E[ Lij(®) Lig(x) | = b ( 0550k + 0ije + 6i00ji ), Vi < j, k < ¢
where L;j(bx), and €;;(x) are defined by (2.3.22). Set
W =Wy, Wi,...,Wp), Wo=oq(x), W, = 8zj<13a(:1:).

Denote by Hesss(x) the random symmetric matrix with variance given by the regression
formula

Var [}Esa(a:)] = Var [ Hessq(x) | — Cov [ Hessq(x),Y | Var [W]fl Cov [ W, Hess,(z) ]
Set 3 L B L
L = Eij(Hessa(:c) ), Qj = w,-j(Hessa(:c) ),
C’Z-j‘a := Cov [Qij,Wa], 1<i<j<m, 0<a<m.
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If we write
-1
Var [W] = (tab )oga,bgm’
then
E [@Ljf_lkg] = E[Q” (:B)ng(w)] — Z Cij|atabCM|b. (2337)
a,b=0
Since Hessq(x) and V®,(x) are independent we deduce

Cij|a:07 Vazl,...,m.

Hence 1
E[55k ] = E[Eij(2)Zke(x) | —

Observe that if ¢ # j, then

Cl-j‘ock[m. (2.3.38)

m

3
Cijlo = Wn/ﬂw fz‘fja( ’f‘Q)df =0.

Moreover
o fa([¢?)de = —d
jjl0 — _(27T)m o gju( ‘€| ) f— —am-
We deduce from (2.3.37) and (2.3.38) that
- - d?
E[Liijg] = (hm — Sm) (5@‘(5}% + hm(éz-kdjg + (5¢g(5jk ), Vi <j, k<U{. (2.3.39)
— m

These equalities determine a O(m)-invariant Gaussian measure I, 5, on Sym(R™); see
(C.1.3). In Appendix C.1 the probability space ( Sym(R™), Ly, b, ) obtained in this fashion

is denoted by S%m’hm.

To apply the Gaussian regression formula (1.1.20) we need to use the regression operator

Rtess,, w = Cov [ Hess,, W] Var [W]fl : R™T! — Sym(R™).

We have
t
0 dmt
RHessa,W . = 011\057711t]]-m = _T]]-m
0
Using the regression formula we deduce
dmt
E[|Hessa(z)| | W () = (£,0) | = / det A — ’ Cuph [dA]. (2.3.40)
Sym(R™) Sm

This is where things get tricky. If we are “lucky” and u,, > 0, then we can us Lemma C.1.2 to
reduce the to express the last integral in terms of the better understood one-point correlation
function of the Gaussian ensemble GOEY, = §%v.

Remark 2.3.9. Before we proceed let first investigate if this is a well founded worry. Set

RonSm,
dz,

Gm = qm(a) =
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Then

1 -1
U = P (1— ) — hp I
dm dm

Thus, u,, is negative iff ¢, < 1.
Using (2.3.16), (2.3.17) and (2.3.17) we deduce
m ] Im_l(a)Im+3(a)
m+ 2 Im+1(a)2
=:Rm(a)

gm(a) =

The Cauchy-Schwarz inequality shows that R,,(a) > 1 for any m and any a so

m
P — . 2.3.41
qm(a)_m+2, Vm,a (2.3.41)

This shows that for m large g, is very close to the critical threshold 1. However as shown in
Example B.4.1, the quotient ¢,,(a) could be < 1. This happens for example if a(t) = e~ 0

We distinguish three cases.

Ay > 0 so that g, > 1.| Using (2.3.35), (2.3.36) and (2.3.40) we deduce that

va[ C] :(27rdm)_m/2vol[B]/

Esz’lnﬁh'm |: ‘ det A - 7m ‘ i| Sm dtj|

Making the change in variables A = v/, A :Ve deduce
Bt | et ] = 1B [ ae (4 - 55 ]
and o
L ()" [ (4 ) e L
vol [ B] 27 dp, o om™ syh
(t=sm’y)

Sm

m/2
() Lo el 0 0 )

For every ¢ € R we denote by R, the rescaling map R, : R — R, ¢ +— ct. We set

~ 1
Ya = W(Rs;f” )#a

m/2
() L - )

We deduce that for any Borel subset C C R

~ 1/2 ham, " y e v’/
Pa[C] = va[ sH2C] = (mlm) /CES%JH det (4 - \/CR) i R

om(y)
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To keep the presentation clean I will drop from our notation the dependence of 7, on mul-

tiplicative constants. Thus U, o u means that 7, = Zu where Z is some positive constant
This can be determined from the equality

Crm(a) = Zp[R]

where C),(a) is determined by (2.3.25) and (2.3.26). We define &, by the equality
gm — 1 Sm
Uiy 1= I T m
Km am dgna

so that u,, = 2kh
Observe that the density of o, (y) is given by

2
_Y_
Y e 2
om(y) = Eenm, Hdet(A——ﬂm) H 2.3.42
(A = \/QmA)
2
_Yy_
= Q;EESQRQO»Qm [ ‘ det<A~ - y]]_m> ‘i| € :
m V2T
2
(C.1.14) _%2%(2 )2 m+3 6 § \( )e_y?
- qm qm 2 m-‘,—l,qm ’72/€QO y m
2
_ m;r4 11_‘ <m+3
2
where

Yy
+ e 2
) <9m+17qm * Pyzf‘iQO)(y) \/ﬂ?

2
0 1 0(7) = pmyrp(@)e®™
and p,, denotes the normalized 1-point correlation function described in Appendix C.1
Hence
Paldy] o< (i1, * V20mam ) ()T [dy |-
Note that ¢, — 1 = 2K,¢pm SO

(2.3.43)
(y—2)? 2?2
(72/{QO 9m+1,(1m)(y) \/m/ e rmam perlqu( )€4qm dz
Km e 4 — e Km e 4 .
47TKZm pm+1an qm 47TK/m pm+1’1
Hence
-1/2 1/2 2 2
_y? q 2 G Ty=0)®  y?
(e * O )e™T = o [ S 0
m
—1/2 —-1/2
2 (g Py =0 Pt — (g Py — 1)? = 26y
4 4K, 2 4km
(¢ +2km =1)
I A )
B 4K2
so that
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_(w—am 1/2i)2

B g1 (e dt

( o+ )(y) - /
* T o | €
V26mam * Yim41,q, )\Y VAT EmGm Jr

47T/£m / anrz Pm +171(Q71r{2 )67%82/4033 = \/47r/1$7mqm /Re_(ims”)2 Pm+1,1/qm(5)eiqms2/4d5.
We deduce
aldy] o<t 1 * Y2 (y) [dy ], (2.3.44)
where .
Opr1,0(t) = pmt1p(t)e” 5. (2.3.45)

B.‘ Uy = 0 so that ¢, = 1.‘ This is obtained from the previous case by letting ¢,, \, 1 or,
equivalently, x,, \, 0. We have

Va[dy] o< 0,11 (y)[dy], (2.3.46)

C.‘ U < 0 so that ¢, < 1. ‘In this case I will follow the same strategy as in [111]. We modify
the original function by adding an independent random quantity to it

(i)a - Xcm + (I)a

where X,  is a centered Gaussian random variable with variance ¢, and independent of ®,.
Fix a box B C R™.

Note that V&, = V®, and Hessg_ = Hessg,. However, the additive constant X.,, affects

the critical values. However the discriminant measure ©, = D4 p of d, is related to the
discriminant measure 3, via the convolution equation

Dy =T, %D,

Since the Fourier transform of a Gaussian measure is a nowhere zero function, we deduce
that the above equality uniquely determines ©, given ©,. The covariance kernels of V&,
and Hessg coincide with the respective covariance kernels corresponding to ®4. However

E[‘i)a(m)} =38y = Cm + Sm, V& eR™.
This changes the distribution of the conditioned Hessian Hessy(x) to

d? .
(hm — §m> 0i0ke + hm((sikéjg + 5i2(5jk) Vi <j, k<UL (2.3.47)
\_\{L
=Um
Observe that
dy,
Uy, = h | 1 — .
Set
. hmgm . hmsm hmcm - + hmcm
Since ¢, < 1 we can choose ¢, such that ¢,, = 1. More precisely, we let
cm = (1 — qn)d2 h L. (2.3.48)

In this case ¢, = 1. For any Borel set C' C R we set
fi[C] :=E[D.[C]]. (2.3.49)
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We deduce as in case B that

1 ~ -
Wﬁéfnl/w“ & 9m+1,1(y) [dy], (2.3.50)

The three cases discussed above can be compactly described by a single statement.

Theorem 2.3.10. We set

hms
qm — 527’)1’ T o= maX(17qm) 6[1,00),
m
) N 3 5 Tm — 1
Cm i= Iax (07 (1 = qm)dy, by, )’ Sm 1= Sm t+ Cmy 26 1= r '
m

We set &4 := Xe¢,, + Pa, where Xz, is a centered Gaussian variable with variance ¢, and
independent of .

For a fized box B C R™, denote by D, the discriminant measure of ®q |B' For any Borel
subset C' C R define
fia[C] =E[D.[C]].
Then the following hold.
(i) The correspondence C' — [1a[C] is a finite Borel measure on R and fiq| R ] = Cpy(a) vol | B],
where Cpy(a) is determined by (2.3.25) and (2.3.26).
(ii) If we set

~ 1 3
Vam = W:Ré:nuzuu,
then,
Da 0O 1y g * V2w (9) [y ], (2.3.51)
where ]
t

9;1+1,v (t) = pmr1,(t)e 2.
O

Remark 2.3.11. (a) Suppose ¢, < 1 and ¢, is given by (2.3.48). Then for any Borel set
C C R we have

ﬂa[C] _/RE[@a[C] ‘Xcm :1'] :Na*]:‘cm[c]v
so that
fla = pa * L¢,,.

Passing to Fourier transforms we see that the above equality determines p uniquely in terms
of fig. In this case

Smhm Smhm
SO
3 (2.3.41)
Sm dm m

Thus, for m large §,, and s,, are roughly of same size.

+2

(b) When ¢, > 1, then £, = 1, 3, = s, and R571/2,U/a o vol [B]perLl(t)e_T. O
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In turns out that, under sufficiently general conditions, the probability measures
1

—_ ~

l/a7m = m Va’m .

resemble Gaussian measures for large m.
Theorem 2.3.12. Suppose that r,;, = max ( 1, Srg# ) = max ( l,qm) has a limit as m — o0,

r= lim ry, € [1,00].

m—o0
Then, as m — 00, Vgm converges weakly to the Gaussian measure I'r+1, where TJTT—I =1if
r = oo. "
Proof. Set v, := vgm. We have
_ 1
Uy = K7m9m+17$ * Yrm=1 dy, (2.3.52)
where
— 7TmA2
Ot ) = P 2 W™ ™
and
— — 7?“'m>\2
sz/RGmHWln *vw(y)dyZ/RGmﬂw;(A)dA:/Rpmﬂ,rgn(ﬂe dA.

We set
Fonl@) = Py, 2 (2), Rool@) = =T (ajeny VA — 2.
Fix ¢ € (0,2). In Proposition C.1.4 we proved that
lim sup ‘Rm(x) — Roo(z) | =0, (2.3.53a)

and

sup | R (2) — Reo(z) | = O(1) as m — oo. (2.3.53b)

"mTH 'm - m 5 Tm _rmA?
s O =280 (\[20) L )= 2R ([ 220) e

We now distinguish two cases.

Then

Case 1. r = lim,, 00 7y < 00. In particular, r € [1,00). In this case we have

_ A2
Km:,/%/Rm<,/%A> e A,
m R m

and using (2.3.53a)-(2.3.53b) we deduce
o ™m 2 T 2 4
lim | R (M””A) e~ d = Roo(o)/e—idr = Roo(0)4/ 2.

4
Ko ~ K}, = Reo(0)1/ — as m — oo, (2.3.54)
m

Hence
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Now observe that
1

_ 1 = Tm T _rmA2
K;nHerL%()\)[d)\} = ROO(O)Rm (”m)\> Tme 1 dA\

= o (Vo) T o]

Using (2.3.53a) and (2.3.53b) we conclude that the sequence of measures

1 -
bty o (W[dA]

converges weakly to the Gaussian measure 72. Using this and the asymptotic equality (2.3.54)
in (2.3.52) we deduce

lim vy, = v2 * Yro1 = Yrt1.
m—00 T T [3

Case 2. limy,—o0 7m = 00. In this case we have

G;HL#(/\)[CZ)\] = %Rm (ﬁA) T2 [dA].

Lemma 2.3.13. The sequence of measures
Ry, (y / )\> Y2 dA
m m
converges weakly to the measure Roo(0)dp.
Proof. Fix a bounded continuous function f : R — R. Observe first that

Jim i <Rm <\/E)\> — Reo (ﬁA)) FOT = [d\] =0. (2.3.55)

—LUm

Indeed, we have

o], () e (23)) s

v
=:D!,
+/ <Z?m (M””A)—Roo< rmA))f()\)I‘z [dA].
‘)‘|>C\/\/rim m m m
=:D!

Observe that
D!, < sup ‘]_%m(x) — Roo () ‘ /
[A|<c

|lz|<c

FOT 2 [dA]

m

Vrm
and invoking (2.3.53a) we deduce
lim D), = 0.

m—00

Using (2.3.53b) we deduce that there exists a constant S > 0 such that

D, <S T [dA].

|)‘|>C\/% ™m
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On the other hand, Chebyshev’s inequality shows that

2
v |dN] < —5—.
fo () < 2
Hence
. "o
Jim 0, =0

This proves (2.3.55).

The sequence of measures v_2 (A)dA converges to dy so that

™m

Roo(0)f(0) = Tim [ Roo(0)f(A)y 2 (A)dA.

m—ro0 R ™m

Using (2.3.55) and the above equality we deduce that the conclusion of the lemma is equivalent

’ A <Roo(0) — R (ﬁx)) FOVT 2 [dA] =0. (2.3.56)

=Fm

To prove this we decompose F;,, as follows.

Fpy = /IA<m‘21w@m (ROO(O) — Ree ( EA)) UL 2 [dA]

::F'r/n
m
+/ 1 <ROOO—ROO< >\>>f)\1‘2d)\.
|>\|>mfz\/\/7£m ) m *) Tm[ ]
:?}r:w

Observe that

F!, < sup ‘ROO(O)—ROO(:C)‘/M< o SOOT 2 [dX].

1
jal<m ™4

H
3
3

3

Since R, is continuous at 0 we deduce

lim F/ =0.

m— 00

Since R, and f are bounded we deduce that there exists a constant S > 0 such that

F'< 8§ r dX|.
" )\|>m_le Vm %[ ]

Jrm
On the other hand, Chebyshev’s inequality shows that

2
/ ) Fl[d)\] < —.
[A|>m™ 4 \/\/7% rm m
Hence
. "o
Jim =

This proves (2.3.56) and the lemma. O
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Lemma 2.3.13 shows that

and
I ie,
miyoo K, m+1,:L

’rm

(M [dX] =80 N]]-

On the other hand,
lim ’ym[dk] :I‘[d/\},

m—o0 rm

so that
lim v, = dg *v1 = V1.
m—0o0

O

Remark 2.3.14. Note that for any Borel subset C' C R, the number v/, [ C] is the expected

proportion of critical values of
1

Sm
located in C'. For large m the bulk ?)/f;ese critical values are located in an interval of size
O(1) centered at the origin. Thus, the bulk of critical values of ®, + X, is located in an
interval of size O( VSm ) centered at the origin. Recall that

1
(2m)™/20(m/2)
The large m behavior is sensitive to the choice of amplitude; see Appendix B.4. For example,
if a(t) = /2, then

((I)a+Xém) |B

Sm = Sm(a) = I—1(a)

1
Sm(a) = W

However if )
a(t) = exp ( —5 log(t) log(log t)), vVt > 1,

then

log sy (a) ~ ™! as m — oo.

2.3.4. A probabilistic computation of a Mehta integral. Recall that GOE?, v > 0

n’
is the Gaussian ensemble of symmetric n x n matrices A = (&z’j)lgi,jgn where the entries

(aij )1 <i<j<n AT€ independent centered Gaussian variables with variances
E[a}] =2v, E[a},] =v, Vi, Vj <k (2.3.57)

As detailed in Appendix C.1, the normalized 1-point correlation function py, ,(z) of GOE;, is
the function py,, : R — [0, 00) uniquely determined by the equality

%EGOEZ [ tr f(X)] = /Rf()\)pn,v()‘)dAv

for any bounded Borel measurable f : R :— R. For example, if f =Ip, B C R, then

/B prs(N)dA
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is the expected fraction of eigenvalues of a random symmetric matrix X located in B.

One can show that for any bounded Borel measurable function function F' : Sym(R") — R
that is invariant with respect to the conjugation by orthogonal transformations we have

1 : TN
Ecory [F(X)] = Zn(0) /mF( Diag(A1, ..., An)) H 1A = A He W |dA; - - dAy).
1<i<j<n i=1
:lQn,v()‘)
Then .
no(T) = no(Ty Ao, o Ap)dAL - - - d Ay,
p b (x) Zn(v) Rnfl Q ) ('f 2 ) 1
m )\2
Zm = Zm(1/2) ::/ IT =X e 2 ldr - drml
R™ 1 <ici<m i=1
The integral in the right-hand-side is known as Mehta integral. 1 will prove that
m—1 i+3 m—1 .
Z, = (21)% 2 _ o r(—) 2.3,
(2m) 2 Jl;[o T(3/2) 2 ]11) 5 (2.3.58)

This equality was first proved in 1960 by M. L. Mehta, [98]. Later Mehta observed that
this integral was known earlier to N. G. de Brujin [28]. It was subsequently observed that
Mehta’s integral is a limit of the Selberg integrals, [5, Eq. (2.5.11)], [61, Sec. 4.7.1].

The goal of this subsection is to provide a probabilistic computation of the Mehta integra.l
follow the approach in [120]. The strategy is easy to describe. We argue inductively. An
immediate direct computation shows that

Zy = / e~ 124t = (2m)V/2.
R

To compute the ratio ZZL: we observe that the eigenvalues of A € Sym(R™*!) coincide with
the critical values of the restriction to the unit sphere of the quadratic function  — (Ax, ).
The Kac-Rice formula will provide a description of the mean distribution of these critical
values which will lead to an explicit evaluation of Z%;l Here are the details.

For each A € Sym(R™"!) we obtain a quadratic function
qa : R™ SR, qA(w) = %(Aa:,a:).
We denote by @ 4 its restriction to the unit sphere
Sm={xze R™TL x| = 1}

Above, (—,—) and || — || denote respectively the canonical inner product and its associated
norm on R™*1,

When A runs in the Gaussian ensemble GOE;,,; we obtain a Gaussian function

P=0Py: S™ — R.

This is invariant under the natural O(m + 1)-action on S™. As shown in [108, Ex.1.20], the
function ® 4 is Morse for generic A, where genericity is understood in Baire categoric terms.

Lemma 2.3.15. The Gaussian function ® 4 is a.s. Morse.
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Proof. It suffices to show that the Gaussian section V® 4 of T'S™ is ample. Let @ € S™. If
Proj, : R™*! — R™*!
the orthogonal projection onto 7,.5™, then
V& 4(x) = Proj, Az = Ax — (x, x)x.
The map
Sym(R™) 5 A — Az ¢ R™H!
is onto and thus the map
Sym (Rm‘H ) A Proj, Aw € T, S™

is also onto, thus proving that the gradient V& 4(x) is nondegenerate since the Gaussian
ensemble GOE,,, 11, is nondegenerate. O

Consider the spectral measure of A,
o= Z mult(A)dy.
A€Spec(A)
The discriminant measure of 2® 4 is
Dy = Z 020 4 (x) = (2®a) 3 €[—, P4
VP 4 (2)=0

The critical values of 2® 4 are precisely the eigenvalues of A and the critical points are the
unit eigenvectors of A. The function is Morse iff A is simple, i.e., its eigenvalues are distinct.
In this case to each critical value of A there corresponds exactly two critical points. Hence

Dy=204 as..

Then for any Borel subset C' C R we have
1 2

o El®all]l = maElealC]] = 2/Cpm+1,v()\)d>\. (2.3.59)

We will determine E[D4[C']] using the Kac-Rice formula (2.2.17) .
For x € S™ and A € GOE},; we denote by Hesss(x) the Hessian of ®4 at x viewed as

a symmetric operator T,S™ — T,S5™. Here the Hessian is defined in the sense of Riemann
geometry

Hessy = V(V®y),
where V® 4 is the gradient of ® 4, i.e., the metric dual of the differential d® 4, and V denotes
the Levi-Civita connection of the round metric.

Denote by (2%, 2!, ..., 2™) the canonical Euclidean coordinates on R™*! so

A= (aij)ogi’jgma Elai; | =2v, E[aj|=v, i#j, Elagar] =0, (i,5) # (k,0).
Since ®4 is O(m + 1) invariant, the distribution of the random operator Hess(x) is inde-
pendent of x so it suffices to determine it at any point of our choosing. Suppose that x is
the north pole

x=n=(1,0,...,m) e R™

Then T5,S™ = {2° = 0} and @, := (z',...,2™) are orthonormal coordinates on T;,S™. The
next result describes the statistics of V®4(n) and Hessa(n).
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Lemma 2.3.16. The Gaussian vector V®4(n) is given in the orthonormal coordinates x*

on T S™ by

) 8901 CI)A(’I?,) ao1

5400, Voa(n) = : = : (2.3.60)
Orm P 4(n) Aom

and thus it has mean zero and variance operator vl,,. Moreover, in the orthonormal coordi-

nates * on T, S™ we have

Dy(n) =

Hessa(n) = Ax — aoolm, As = (aij)1<i<m-

In particular, Hesso(n) € S22, where 8% is the O(m)-invariant Gaussian ensemble defined
by (C.1.3).

Proof. The coordinates x, also define local coordinates on S". More precisely, the upper
hemisphere

SV = {a:ESm; a:0>()}
admits the parametrization
s x(w,) = (aco(:c*),a:*) e 5™, 2(xz,) = /1 — ||z 2.
We deduce that in the coordinates * the round metric on S™ satisfies
9i; = 65 + O( ||:E*H2) near n. (2.3.61)

This proves that in the coordinates x* the Christoffel symbols vanish at n. This has two
consequences: the gradient V& 4(n) is given by the vector (al,z@ A(n) )1 <j<, and the Hessian

Hess4(n) is given by the matrix (9% ;®a(n) )1<ij<m.

On the upper hemisphere we will view ® 4 as a function of x,. Since
1
0 =1-— 5y|g[;*||2 +O(]lz*|*) (2.3.62)

we deduce that in the coordinates x, we have

m
Da(@) = ago(1— || ]?) + = ) + apaizt +O(|lz*1)
2 2

0<j<k<m

1 S j ik *
*aoo 52; aj; — ago ) (z7)* + Z ajpa’z® + O(|le*|*) (2.3.63)

0<j<k<m
(2.3.62) 1 - 1 — ;
o 2 Oo—i—Zaka —1-52 ajj—aoo x])2_|_ Z ijkx]xk+0("a:*|’3).
k=1 j=1 1<j<k<m

We deduce that ®4(n) = §a00 and 0, P4 (n) = ag;, 1 <1i < m. This proves (2.3.60).
Note that A, € GOE;,. Using (2.3.63) we deduce that

Hessg(n) = Ay — agolm

Since agp is independent of A, we deduce from (C.1.5) that Hess(n) € 84", where 8" is
the O(m)-invariant Gaussian ensemble defined by (C.1.3). O
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The covariance kernel of ® 4 is

Ka(n,2) = E[@4(n)04(@)] = (1~ ] B[ ad] = 2 (1~ [l2]).

Since @ 4(n) = Jagy we deduce from (2.3.60) that V®4(n) = (ao1, . . . ,aon) is independent of
®4(n). Lemma 2.3.16 and (2.3.60) imply that V®4(n) and Hess4(n) are also independent.

If we set
Lij :={;j( Hessa(n)), Qi :=w;j( Hessa(n)) = L L= ) (2.3.64)
V2Lij, i<
where /;; and w;; are defined by (2.3.21), then
B[ LijLye | = 208;50k0 + v(6i6050 + 050j1), V1 < i35, .k, L < m. (2.3.65)
Set .
5@00
_ | ®a(n) | _| ‘o
W= [ Vo 4(n) ] |
aom
Note that v
Var [W | = Diag ( 5, 2v,...,2v ). (2.3.66)
2 ——

Clearly the matrix Var [W] is invertible, proving ® 4 is Jj-ample.

Denote by Hessy(n) the random symmetric matrix with variance given by the regression
formula (1.1.18)

Var [IFSSA(TL)] = Var [ Hessa(n) |
— Cov [ Hessa(n), W | Var [W]_l Cov [ W, Hessa(n) |.

Set
Lij = Eij(HessA(n) ), Q= wij(HessA(n) ),
and
Cijii = Cov [Qyj, Wi ], 1<i<j<m, 0<k<m.
Note that
Ciji, =0, Vi,j, Vk>0, Cyp =0, Vi<j, Vk>0,
and

1 1
Ciijo = §E[(aii — ago)ago | = _§E[a(2)0] —

If we write

Var [W]_l = (tab)oga,bgmv
then .
E[Q % ] = E[ Qi (z)Qpe(z) ] — Z CijlatabCrepp
a,b=0
.3. 2
(259 E[Q(x)Qpe(x) | — ;Cij\()ckﬂo-
We deduce

E[Q8; ] = B[ Qui(®)Qyj(x) ] —20=0, i# 7,
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E[;] = 2v,
E[Q% ] = E[Quj(z)Qe(x) ], VI<i<j, 1<k</
Using (2.3.64) and (2.3.65) we conclude that
Hessy € GOEY, . (2.3.67)
The regression operator
RHess ., w = Cov [ Hess 4, W] Var [W*I] (R Sym,,(R)
is
Wo

w1
— —2wol,,.

Wm
We set H :=Hessy, so H € GOE?,. Using the regression formula (1.1.19) we deduce
E[|Hessa(n)||W(n) = (t/2,0)] = Ecory, [ | det(H — vt)]].

Since 2® 4(n) = ago is Gaussian with variance 2v, we deduce from the Kac-Rice formula
(2.2.17) that for any Borel subset C' C R we have

E[D4[C]] :/CpA@)vgv[dt],
where
pa(t) = /SmIE“HessA(azﬂ ! 204(x) =t, VOPy(x) = O]pvq)A(m)(O)dw

(2:3.60) (2772})—"1/2 /Sm E[|Hessa(z)| | W(z) = (t/2,0) ] dx

independent of x
= (270) "?E[| Hessa(n)| | W(n) = (£/2,0)] vol [ $™]
= (2m0) % vol [ S™ |Eqoms [ | det(H — vt)]].

(2.3.68)

Lemma C.1.1 shows that
m+1 v?2 Loy

EcoE,,., [ det(H — vt)\] =(20) 2 e Pm+1,0(Vt).
m
Assume now that v = 1.
2 Z
Egop: [ det(H —t)|] = eT2"5 a7 12200,y (t)

2
Since v, [ dt] = e_%\/dT% we deduce

. 7m/2 m—+1 m Zm+1/ dt
= (2 2 1| S™ | —— m t)——.
(2m) "2 ol [7] 25 | () T

On the other hand, we deduce from (2.3.59) that

1
mIE[DA[CH :2/Cpm+1,1(t)dta
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so that
—m /2, m+1
(27) 2" vl [ 8] Zons (4m)V2 = 2. (2.3.69)

(m+1) Zm

Using the fact that
vol [Sm] B o
m+1 — D(7f3)
we deduce
Zmi1 _ D) 2(2m)m/2(4m)t/2 23/3F< m+3 )
Zm WT+1 2mT+1 2

Note that

Z, = / e P2t = (2m)'/2.
R

We deduce immediately the equality (C.1.8)

m—1 m—1 .
Z‘ 3m
Zn=2, [] T =2% [] r(#)
j=1 J =0

2.3.5. Random matrices and Morse functions on Grassmannians. The example dis-
cussed in the previous subsection is a special manifestation of a more general phenomenon I
will discuss in some detail.

2.4. Higher momentums

As in previous section suppose that F': # — U is an ample Gaussian C'-field, where U is a
real Euclidean space, ¥ is an open subset of the Euclidean space V and dimU = dimV = m.

2.4.1. A preview. For any Borel subset B C ¥ we denote by Z[B| = Z|[B, F] the number
of zeros of F inside B. The question we will address in this section concerns the finiteness of
the various momentums of F. The first nontrivial case has to do with the variance of Z[B].

Which conditions on F' will guarantee the finiteness of the variance of Z[B] when B is say a
box in #'?

We approach this using a simple trick. Consider the random field
F:¥x¥ »UxU, (vi,v2)— (F(v1), F(v)).

Note that Z[B]? = Z(ﬁ, B x B) so we may try to apply the local Kac-Rice formula to the

Gaussian field F. There is a an immediate obstacle on our way, namely, the Gaussian field
F fails to be ample along the diagonal

A= {(vl,vz) V2 v =y }

since the U x U Gaussian vector ( F(v), F(v))| is degenerate!
We are forced to remove the diagonal. We set #,2 :== #2\ A, B2 := B2\ A. Then

Z[B%F,] = z|B)* - z|B] = Z[B|(Z[B] - 1) = (Z[B]),.
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Above, for any z € R and k € N we denote by () the falling factorial®
k—1

(@) = 2w —1) - (x —k+1) = [[ (- j).

j=0

We will attempt to use the Kac-Rice formula for the random field F |y2. It is not clear yet
that this Gaussian field is ample, we hope it is, and apply formally the Kac-Rice formula to
deduce

E[Z(B]*] - B[ Z(B]]
= /32 EH det (F/(Ul) . F/(?}Q)) } H F('Ul) = F(’Ug) = 0]pp(v1)@p(v2)(0)d'v1dv2.

Recall that

(2.4.1)

1
0) =
\/det (27rVar [F(m) ®F(”2)] )

We see that as (v1,v2) approaches (v, v), the Gaussian vector F'(v1) @ F(vy) approaches the
degenerate gaussian vector F'(v) @ F(v). Hence the variance of F(v1) @ F(vy) degenerates
as (v1,v2) approaches the diagonal so the term pp(y,,)qr(v,)(0) is guaranteed to explode near
the diagonal. This raises the issue of finiteness of the integral in (2.4.1).

PF(u1)@F(vs) (

Now that we are guaranteed a headache, let us recall that we still do not know wether
the Gaussian vector F'(v1) @ F'(v2) is nondegenerate if v1 # vy. Fortunately, under additional
assumptions of F' this will be the case.

In the next, warm-up, subsection we show that, under reasonable assumptions, the vari-
ance is finite. The key idea in the proof is the gauge invariance of the Kac-Rice density.

More precisely suppose that
V:M—FE

is an ample random Gaussian section of the real vector bundle £ — M, where M is a smooth
manifold. Suppose thatnthe dimension of M is equal to the rank of E. Then, for any gauge
transformation (or linear automorphism) g : £ — E, the random Gaussian section g(¥) is
also ample and we have a tautological equality of random measures

20 -] = Z[— g(¥)].
For illustration purposes suppose that M is the plane, M = R?, and F is the trivial rank
2-bundle. Then the section ®(x) = |x|>¥(x) over the punctured plane is gauge equivalent to
W, but the Kac-Rice formula suggests that the Kac-Rice density of ® might blow-up at the
origin since
Pa()(0) = Dlg2w(x)(0) = @] Py () (0).

On the other hand,

pu(x) = po(z), T#0
since Z[S’,\I!] = Z[—,g(\I')] = Z[—,q)], for any Borel subset S ¢ R?\ 0. The gauge
transformation g(x) = |z|?1ge desingularizes ® in the sense that ® = gW¥ and ¢ is much
better behaved section.

This argument can be slightly generalized. Suppose that we are given two real vector
bundles Ey, 1 — M If ¥y : M — Ej is a Gaussian random section of the real vector bundle

5This is sometimes referred to as the Pohamer symbol
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Ey — M,and T : Ey — FE4 is a bundle isomorphism, then the Gaussian random section T'W
has the same zero set as V. However, with a bit of luck, the renormalized section Ty may
be better behaved and free of degenerations of the type mentioned above.

2.4.2. Variance estimates. It has been known for some time that under certain conditions
the number of zeros in a box of a Gaussian field F' has finite variance, [3, 16, 55, 66]. In
this warm-up subsection we use the ideas in the above references to obtain such estimates
for the variance in terms of the covariance kernel. Here an in the sequel

Suppose that U and V are finite dimensional real Euclidean spaces of the same dimension
m and ¥ C V is an open set. If f : ¥ — U is a C*-map, we denote by f*) (v) its k-th
differential at v € ¥. We view f*)(v) as an element of Sym*(V, U), the space of symmetric
k-linear maps V¥ — U.

Let F : ¥ — U be a Gaussian random field whose covariance kernel Kz is C®. In
particular, this implies that F is a.s. C2.

For any box B C ¥ we denote by Zp the number of zeros of F' in B, i.e., Zp = Z[B, F.
Let #2 := 72\ A, where A is the diagonal. Define B2 in a similar fashion. Consider the
random field

F=92-5U&U, F(u,v)=F(vg) ® F(v1).
Note that
ZIF, B = Zp(Zp —1).
Suppose that F|p is 2-ample, i.e., for any v = (vg,v1) € B2 the Gaussian vector F(vg)® F(v1)
is nondegenerate. We deduce from the local Kac-Rice formula (KR) that E [ Z B] < 00, and

E[Zp(Zp—1)] = /QP(G%)(UOaUI)dUOdUL

B*
where pg) is the Kac-Rice density
p&) (vg, v1) := E[ | det F'(vg) det F'(v1)| | F(vo) = F(v1) = 0] Pug.0)(0): (2.4.2)

Note that .

- \/det (27 Var[F(vo) @ F(v1)]) 7

o pﬁ(voyvl)(O) explodes as (vg,v1) approaches the diagonal since F'(v) @ F(v) is degenerate

for any v € ¥. Thus the function pg) (vp, v1) might have a non-integrable singularity along

the diagonal so F [Z%] could be infinite.

We want to show that this is not the case and a bit more. We will use the gauge-change
trick outlined in the introduction to his section.

pﬁ(’uo,vl) <O)

Proposition 2.4.1. Fiz a box B C ¥ and r < dist(B,¥). Denote by S = S(r,B) the
compact set set

S={ve?; dist(v,B) <r }.
Suppose that F|B is C?, 2-ample and Ji-ample, i.e., for any v € B the Gaussian vector
(F(v), F'(v)) is nondegenerate. Define

wr : B2 5 R, wp(z,y) = | —y[" 2P (z,y).
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There exists a constant C(m,vol[B],r) > 0, that depends only on m, vol[B] and r such that

3m—1/2
sup [wp(p) | < Clm, voll B, nIXrl e e (2.4.3)
PEL;

In particular Var [ZB] < 00.

Proof. I will use a modification of the arguments in [16, Sec. 4.2]. For any vp,v1 € B,
vo # v1, the Gaussian vector F'(vg,v1) = F(vg) @ F(v1) is nondegenerate. We denote by
PF(vo),F(v;) the probability density of F(vg,v1).

We set

‘ ~

r(v) := flor = voll, E(v) =~ )(F(vl)—F(vo))-

—
<

Note that
F(v) =0<= F(vy) = E(v) = 0.
Denote by A(v) the linear map U? — U? given by

A { Z(l] } B [ U +17L"0( Ju1 ] B [ ]ﬁg T(v())ﬂU ] ' [ Z(l) ] ' 244
Thus
| rloy | =40 | S5 |

The gauge transformation A(v) desingularizes F. Denote by Z(v) the Gaussian vector
(F(v0),E(v)) -

The Gaussian regression formula implies that
E[|det F'(vo) det F'(v1)] | F(vo) = F(v1) = 0]
= E[|det F'(vo) det F'(v1)] | Z(v) = 0].
Note that

1
PF(vo),F(v1) =
0),F(v1 \/det (27 Var[F(vo) @ F(v1)])

1
T det A|\/det 2 Var[F(vo) @ Z(v))])
We deduce that for any u € B2 we have

P2 (w) = r(v) "E[ | det F'(vo) det F' (v1)] | Z(v) = 0] pry)az) (0)- (2.4.5)

=r(0)" " PFy)ezw (0)-

Lemma 2.4.2. There exists a constant C = C(m,vol[B],r) > 0 depending only on m and
vol[B] and r < dist(B,d¥) such that, for i = 0,1, and any v € B2

| B[ det F(u3)[?] Z(2) = 0] | < Clm, vol[B], )| Kz, 5 r(0)*

Proof. It suffices to consider only the case ¢ = 0 since
F(vg) =Z2(v) =0<= F(vn1) =Z(v) = 0.
Set
1

r(y)(vl fvo), Z = Z(v).

v=v(v):=
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Let f(t) = F(vo +tv). Since F(v) is a.s. C? we deduce from the first order Taylor approxi-
mation with integral remainder that

F(u) — F(wo) = £(r) — £(0) = (0 /f” £)dt = B, F (o) + /f" 1)t
=W

Hence
ro,F(vg) = F(vg) — F(v1) = W
Hence, for any p > 1 we have
E[|rd,F(vo)|" | Z=0] =E[|F(vo) — F(v1) = W[P|Z=0] =E[|W[’| Z=0].

The random variable W is a centered U-valued Gaussian vector. We deduce that for any
p > 1 we have

1

|E[|0,F(vo)|P| Z=0]| = Tpr[ WP|z=0]"
Note that . )

WI< [ 1Ol =0t < T Flea),
We deduce that .
| var [W]|l,, < TE[IF N2z ]-

Using Corollary 1.1.30 we deduce that

E[[W| Z =0] < C(m,p)r [ |F|Z2 ",

where C'(m,p) is a universal constant that depends only on the dimension m and on p. We
will continue to denote by the same symbol C(m,p) various positive constants that depend
only on m and p. We deduce

|E[0,F(v)| Z =0][" < C(m,p)rPE[ || FZ2p ]p/z. (2.4.6)

Extend v to an orthonormal basis {v = ey, es,...ey} of V. Using Hadamard’s inequality
[75, Cor. 7.8.2] we deduce

| det F'(vo) | = | det (De, F(v0), Dy F(v0), - - -, De, F(v0) ) |

< | 0e, F(vo) | [T | Oe F(vo) |

k=2
Using Holder’s inequality we deduce
E[| det F'(v) |*|Z =0 ] < [ E[| 0 Flwo) 7| | 2 =0]]7".
k=1

For £k =2,...,m we have
Var [8ekF(vo) ‘ 7 = 0] < Var [8ekF(vo)}

and
H Var [ Qe F(vo) | Hop < Cm)|Krlle2sxB)-
Using again Corollary 1.1.30 we deduce that for k = 2,..., m we have

m 1
E[|9e, F(vo) 7™ |Z = 0]7 < C(m)|Kr|lc2(mxn):
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Using (2.4.6), we deduce that

H det ' (vg ‘ ‘Z—O] < C(m)r QE[HFHC2 B)]H:KFHCQ (BxB)

Invoking (1.2.4) we conclude that
E[||Fl22(g) ] < C(m,vol[Bl, )| Ko (sxs)-
This completes the proof of Lemma 2.4.2.

Lemma 2.4.2 implies
E[|det F'(vo) det F'(v1)| | Z(v) = 0]

<E[| det F'(vo) [* |Z() = 0] [*E[| det F'(v1) |*| Z(v) = 0] |"*

< C(m, vol[B, )| K || gy r(0) ™2
Hence

2 m—1/2 m
P () < Om) | K gy ()™ Sup P oz (0).

Moreover
sgppF(m)@a@)(O) < Cm)|IK|1E85xpy < COMIK|E 5xs)-

This completes the proof of Proposition 2.4.1.

(2.4.7)

O

We can extract from the above proof a more precise result. For any box B in a Euclidean

space V we set
q(B) := / r(v)* " dvodv .
B2

Note that q(B) is a translation invariant and for any ¢t > 0, q(tB) = t™*2q(B). In particular,

if B is is the cube B, = [0, ¢|™, then

4(B.) = q(By)c™*2 = C(m)q(By) vol [ B,] ™ .

Corollary 2.4.3. Let 'V be an open subset of V. For each r > 0 there exists a function

§:(0,00) = (0,00)

with the following property: for any mo > 0, any box B C ¥ and any Gaussian field

F:QxV —U such that
dist(B,0%) < r

the covariance kernel Kp is C9,

the restriction of F' to B is 2-ample,

and || X HCG sxs) < Mo

we have )
Hp%g HLl(BxB) < 8r(mo)a(B).

O

Remark 2.4.4. One can show that if F is a.s. C3, then the function wg in Proposition
2.4.1 admits an extension to a continuous function on the radial blow-up of B? along the

diagonal.

O
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2.4.3. An analytic digression: Kergin interpolation. The one-dimensional case of this
technique goes back to Newton.

Suppose that f : R — R is a continuous function and x1,...,x, are distinct points on
the real axis. We define inductively the divided differences f|x1], flz1,x2],..., flz1,.. ., zp]
by setting

fla] = f(z), VxR,
1] — flz
flwr, za] = fml = Jleal_ flwe, 1],
Ty — X2
f[$1,l'2,l'3] _ f[xlaxQ] — f[x27x3] _ f[x3,.%'2] — f[xl,QTQ]?
L1 — X3 T3 — I1
X1,y xg) — flre, ..., Tk
f[$1,$2,...,$k,$k+1]:f[ ! | = flz +1]...
Tl — Tp+1
For simplicity we will write = (z1,...,p) and f[z] = flx1,...,xp|. For distinct z1,...,zy,
we have the following more explicit description (see [102, Sec. 1.3])
n
o
flzr,yan] = Hf((])_)
=1 Mg\ = Tk
If f € CP, then we have an alternate integral representation of f|xo,...,z,] called Hermite-

Genocchi formula

1 82 Sp—1
flxo,z1,...,xp] :/0 dsl/o ds;z,'--/o f(p)(y(§))dsp, (2.4.8)

where
y(s) =y(s1,...,8p) = (1 —s1)zo + (51 — s2)x1 + - + (Sp—1 — 8p)Tp,
1>s12>--2>5,2>20.
We refer to [24, Thm. 1.9] or [102, Sec. 16] for a proof. Note that this formula assumes that
f is p-times differentiable. We can rephrase (2.4.8) in more revealing terms as follows.

Consider the simplex

p
Ay = { (to tr,- .. tp) € [0, 1] kzotk =1 }

The symmetric group &, acts on A, by permuting the variables %o, ...,t,. Moreover, A,
is equipped with an Euclidean volume element VOl[ — ] induced by the Euclidean inner
product. The volume element vol [ — ] is invariant with respect to the action of &,

We view A, as graph of the function tg =1 — (t; +--- +t,). We can use (t1,...t,) as
local coordinates and we deduce

vol [dty -+ dty | = /14 |Vto|2dty ... dt, = \/p+ 1dt; ... dt,.

‘We have

p+1
vol [Ap] =+/p+ 1/1;1,...,1;,,20 dty---dt, = P
bttty <1

1
p!
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Let

ppldt] == vol [dt] = dt -- - dty,

1
Vp+1
so that up[Ap] = ]%. Given z = (zg, 1, ..., 1) € RPT! we define

P
oz Ap = R, 0,(t) = Zthk.
k=0

If we make the linear change in variables s = t,_j41 +---+1t,, 1 <k <p, tg =1 — 51, then
for any continuous function v : R — R we have

/ u((@(t))up[dt] = /tl,...,tp>o u(gg(t))dtl...dtp
B et <1

1 S92 Sp—1
= / dsy / dss - - / u( y(s) )dsp,
0 0 0

y(s) = (1 —s1)xg+ (s1 — s2)z1 + -+ + (Sp—l — sp)a:p

Then (2.4.8) can be rewritten as
flz] = / F® (on(t) ) pp[ dt]. (2.4.9)
AP

The measure ji, is invariant under the action of the symmetric group &,41 so the right-
hand-side of the above equality is symmetric in the variables xg,...,z,. It also depends
continuously on them and it is well defined even if some of them coincide!

This allows us to define flxg,z1,...,zp] even if the numbers zy, ..., z, are not pairwise
distinct provided that f € CP. For example,

flz1, ] = i flz1, zo] = f/(z1),

flza, 21] — f'(1)

To — X1

flz1, w1, 22] =
More generally, if the function f(z) is C¥, then the function g(z) = f[z, x2] is C*~1 and

fla1, 2o, 23] = gl1, 23] = flz1, z2] — f[w?,,ﬂj?:l.

Ty — T3
In general, for distinct z, z1, ..., xp, we have the equality (see [102, Sec. 1.1])
p—1
f(z) = f(z1) + Z(fﬂ —x1) (2 —zg) flre, o @]
=1 (2.4.10)
=Py, aopf()
+Hax—x1) - (2 —xp) flo, @1, ..., xp).

The term Py, .. ., f(z) is a polynomial of degree < (p — 1) in = and the above formula is
called Newton’s interpolation formula. The above equality shows that

Py .. o f(zi) = flx:), Yi=1,...,p.
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As mentioned earlier, the divided difference f[z1,...,z,] is well defined even if the numbers
x1,...,Tp are not pairwise distinct and thus (2.4.10) holds for any =, z1,...,z, € R, provided
that f € CP. Note that if 21 = -+ =z, then (2.4.10) implies that
1
Py 0 flx1) = Ea’;f(xl) V0 <k < m.
If we set
[0]m = z0,. .. o,
—
m
then
m 1 . .
Pl () = Z : 'f(]—l)(x — 20)? L
= G-

is the degree m — 1 Taylor polynomial of f at xg.

Let us observe that for f continuous and injective
x: I, = {1,...,p} - R

the polynomial ) = P, f is the Lagrange interpolation polynomial, i.e., the unique polyno-
mial @) of degree < p — 1 such that

Qzi) = flzi), Vi=1,....p.
This proves that P, is a linear projector, i.e.,
Pilf =P,f eR[z], VfeCR),
and that P, is invariant under the action of &, on RP. Moreover, for any I C I, we have

Py f(xr) = f(zg).

The continuous dependence x — P, shows that, for any z € R? and any I C I,, the map P,
is a symmetric linear projector of CP~1(R), i.e., for any permutation ¢ € S,

Plf=Pyf =P,.f, VfeC'(R), (2.4.11)

and
pP,=P,,. (2.4.12)

Formula (2.4.9) is the basis of the higher dimensional generalization of the above classical
facts, [82, 101].

Fix an m-dimensional Euclidean space V' and ¥ C V an open convex subset. Given a
function f € CP(¥) and 1 < k < p, the k-th differential of f at v € ¥, denoted by DF f(v),

is a symmetric k-linear form on V',
D¥f(v) € Symy (V).

Given v = (vg,v1,...,v;) € ¥**1 we define
k
oy = 0’5 Ay =Y, ou(t) = Zti%’,
i=0

and

flvl ::/A D*f(oy(t) Y[ dt] € Symy (V).
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Given vg,v1,...,v, € ¥ we define the Kergin interpolator of f to be the polynomial of degree
<pinu,
p
Py, f(0) = f(vo) + Z flvo, -, vkl (v — Uy U — Vp—1 ) (2.4.13)
k=1 N
€Sym;, (V)

For example, when p = 1 we have

1
Py f(v) = f(vo) + flvo, v1](v — vo) = f(vo) + /0 Ow—vo)f (1 = t)vg + tvy )dt, (2.4.14)

where 0,, denotes the directional derivative in the direction w.

Suppose that f is a ridge function, i.e., there exists a CP-function ¢ : R — R and a linear
form £ € V* such that f(v) = g(&(v)). Informally, a ridge function depends on a single
linear coordinate. Then

flvo, ... oe] =g, & ], & =&wk), 0<k<p.
In particular,
Pyov,..w, f(V) = Pgy,e,9(x), ©=¢(v)
Thus
Poyg...opf(vr) = fvr), YO<k <p, (2.4.15)
for any function f that is a linear combination of ridge functions. The linear span of

ridge functions contains the space of polynomials (see [24, Lemma 9.11]) which is dense
in CP(¥,R), so (2.4.15) holds for any f € CP(¥).

A similar argument shows that Py, . v, f is symmetric in the variables vo, vy, ..., vp.
Given ¢ < p and v = (vg, v1,...,vp) € PP we set [v], := (vo,...,vq). We have
Py Py, =Py, (2.4.16)

Indeed, this is true when d = 1 and thus it is true for arbitrary d and f a ridge function.
The conclusion follows by linearity and density. In particular, when g = p the above equality
shows that P, is a projector. For this reason we will also refer to P, as Kergin projector.

Let p > 1. We denote by Poly, [V] the vector space of polynomials maps V. — R of
degree < p. Define

m; - YPTL S N, my(vo, v, .. ,Mp) = #{ ky up = u; }
We refer to m;(v) the multiplicity of v; in v = (vy,...,vp), i.e., the number of terms of the
sequence of points vy, ..., v, equal to v;. We have the following result, [82, 101].

Theorem 2.4.5. Let v € ¥PT1. The map
P,: CP(¥) = Poly, [V] C CP(¥), frs Pyf,

18 a linear continuous projector, i.e., Pi = P,. It depends continuously on w. Moreover, for
any i =0,1,...,p and any multi-inder o € N¢ such that |a| < m;(p) we have

9P, f(v:) = 0° f(v;). (2.4.17)
O
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The Kergin interpolator extends in an obvious way to maps F := CP(¥,U), where U is
a Euclidean space of dimension n. We will denote by Poly, [V, U] the space of polynomial
maps V — U of degree < p. More precisely

P ePoly, [V, U|+=VeecU*, £P)ePoly,|[V].

For any v € ¥P*! the interpolator P,G is the unique polynomial map ¥ — U of degree < p
such that, for any linear functional £ € U* we have

f(PyG) :ng(G)-

More explicitly, using Euclidean coordinates (v!,...,v™) on V and Euclidean coordinates
(ul,...,u™) on U we can view F is an n-tuple of functions
Gl
G = : ,
GTL
and then
pP,G*
P,G:=
P,G"

A differential 1-form on ¥ can viewed as a map ¥ — V¥, and in particular, we can speak of
the Kergin interpolator of a differential 1-form.

We have the following result of Gass and Stecconi [66, Lemma 2.5] stating that the Kergin
interpolator of an exact form is also exact.

Lemma 2.4.6. Let u* = (v§,v,...,v5) € ¥P*and f € CPTI(V). Then for anyk =0,1,...,p
and any i,j € {1,...,m} we have

Oy (Pu0yi f ) = 0yi (Pu+0yi f ).
In other words the polynomial vector field
Vi, Vi) = PV f = (Py0y, f, ..., Py, [)
is a gradient vector field, i.e., there exists a polynomial h € Ry 1 [ V] such that Vh = P,V f.

Proof. We first prove that the lemma is true for ridge functions. By choosing the Euclidean

coordinates (u',...,u?) carefully this means that f(u) has the form f(u', ..., u?) = f(ub).
In this case the Lemma is obvious since P, f it is a polynomial of degree p in u!. The general
case follows from the density in CPT(U) of the linear span of ridge functions. 0

2.4.4. Multijets. In this and next subsection we will described the desingularization pro-
cess devised by Ancona and Letendre and explain how it can be used to provide sufficient
conditions that guarantee the finiteness of higher momentums of Z[B, F|. It is based on the
concept of multijet introduced by Ancona and Letendre [4].

In truth, we will present only a special case of their construction that suffices for our
purposes. To keep the flow of arguments uninterrupted we will omit the proofs of certain
technical results from real algebraic geometry. These proofs use “standard”® facts from real

61 include Hironaka’s resolution of singularities theorem among these “standard” facts.
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algebraic geometry. A reader familiar with this subject would have little trouble accepting
these results.

As in the previous subsections U,V are real Euclidean spaces of the same dimension m.
Fix k € N, k > 2. For any n € N we set

L,:={1,...,n}.
For any finite set I we have the space V! consisting of maps I — V and a configuration
space ’
er(v)ycvt
consisting of injective maps I — V. For I =1, we set C,(V') := Cr, (V). We denote by A
the “fat” diagonal
A=Ay =VFE\ e V).
Let 2% = P¥(V') denote the space of polynomial maps f : V — R of degree < k — 1. Note
that

k—1 .

. dmV +j5—-1

dim PF(V) = ( . >
V)=> j

7=0
We can equip P* with the inner product

(P,Q) = /V P(1)Q)Ty[dv], VP,Q € P*

where 'y, is the canonical Gaussian measure on the Euclidean space V.
Each v € €3(V) defines a surjective map
Ev,: 2" 5 RE fes (f(vr),..., f(ug)).

We denote its kernel by K,. It is a codimension-k subspace of 2% We denote by Gry, the
Grassmannian of codimension-k subspaces of 2. We thus have a smooth cokernel map map
cok : 6, (V) — Gry, % > v+ cok(v) = K; € Gr*.

Set
L,:P—RF L, = (Ev,Ev}) /?Ev,.
As explained in Lemma 1.1.35, the map Lj : R* — Pk is an isometry whose image is cok(v).

Let T* — Gry be the tautological vector bundle whose fiber over S € Grg is S. We
denote by Projg the orthogonal of P onto S.

Denote by B%k(s) the trivial bundle over (V') with fiber R¥. The maps L3 define vector
bundle isomorphism
L* : Ry — cok* T*.
Equivalently, we have a commutative diagram

k L
Reryy —— T*

(gk(V) —_— Grk

cok

7Conﬁgura‘cion of distinct points in V' labelled by I.
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where the vertical maps define vector bundles and, for each v € %k(V), the induced map
Ly: RF — Tléok( ) = cok(v) = Ki is a linear isometric isomorphism.

We denote by ¥ the graph of cok, ¥ C %;(V) x Gr*. We have a commutative “roof”

by
VN
ok Gr*

Ci(V) —

where 7, II are the natural projections.
We denote by ¥ the closure of ¥ in V¥ x Gr¥. We have a natural projection
T3 vk,
that is algebraic in nature. We can be more precise [4, Sec. 5.1].
Proposition 2.4.7. The following hold.

(i) ¥ is a smooth real algebraic manifold and the projection m : ¥ — €,(V) is a
diffeomorphism.

(ii) Y is a real algebraic variety and the map w X VFE s proper and surjective.

(iii) The singular locus of ¥ is contained in A : 7 2(A) = X\ %, where we recall that
A € V¥ denotes the “fat” diagonal.

O

Invoking Hironaka’s (embedded) resolution of singularities theorem one can prove the
following result, [4, Sec. 5.1] or [38, Thm. 6.37].

Theorem 2.4.8. There exists a smooth manifold W and a proper smooth map
R:W — VF x Gr*
with the following properties.
(i) S = RY(E) C W is smooth.
(ii) dim W = dim V¥ x dim Gry, dim S = dim %;(V) = km = kdim V.

(iii) The set W* = W \ R (€, x Gry, ) is open and dense in W and the restriction of
R to W* is a diffeomorphism onto Cp X Gry.

(iv) The set ¥* := R~! ( E) is open and dense in S and the restriction of R to R™1 ( by ) — X
1$ a diffeomorphism onto X.

(v) The map 77 := mo R : S — VF is smooth and proper. We will refer to the set
A = 771(A) as the exceptional locus.

O

We set 7 := 7o R and II = II o R so that we have a commutative diagram
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VE e 8 Grb
The manifold 3 can be viewed as the graph of a multivalued map
cok:Mo# 1. VF s GrF

whose restriction to €%(V') is the map cok.

The pair (i?, R) with the above properties is called a resolution of cok and is not unique.
We fix a resolution and we denote it by (€%, R). We set

Fi=moR, E =G\ A,
and we can identify ‘57:‘ with €3 (V) using the diffeomorphism 7 : ‘57: — @ For any v € V¥
we will denote by @ a point in #71(v) € %,. If v € €,(V), there is only one @ € %) such that
m(0) = v.

Pulling back T* via I we obtain a rank k-vector budle over ‘KA;C,
My, = 1T(TF) = G,
The vector bundle .}, is the bundle of k-multijets. The fiber of My over v € Cgc is
M (8) = cok (#(8) ) = K3y

To a function f € C*(V') we can associate a C''-section of the trivial bundle @k@k (see page
iii) namely the family of Kergin projectors

% 50 Prpyf € 25
This projects to a C* section ug[f] of the bundle of multijets .4,

1 f1(2) = Brojpy ) Paca)f € My(2)-

Note that for any v € €*(V) we have

Ev,(f) = 0= ,[f](v) = 0.
More generally, given a finite dimensional Euclidean space U we have a space P*(U) = P*(V,U)
of polynomials maps V' — U of degree < k — 1. For each v € V* we have a surjection
Ev, : P*(U) — U*,

with kernel K, (U). This is a subspace of P*(U) of codimension kdimU. We denote by
coky (v) its orthogonal complement in P*(U). Denote by Gry(U) the Grassmannian of
subspaces of dimension kdim U in P*(U) and by T*(U) — Gry(U) the tautological vector
bundle.

We have a cokernel map
COkU : cgk — GI‘k(U)

with graph ¥ C 4 x Gry(U). Fix a resolution (@, fR) of cokyr as before
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We obtain a trivial vector bundle

PHU). = (PHU) x G, — G ).

Z \Meg

and a bundle of multijets

M (U) =1 (TH(U)) — ﬁ’k(U)%;k.

The fiber of ., (U) over v is
M(U)(@) = coky (#(D)).

To a C*-map F : V — U we can associated a multijet u[F]. This is a C'-section of the
multijet bundle defined by

k[ F](2) = Projg ) Pro) (F)-
Note that
dimé;(V) = kdimV = km, rank #,(U) = km

The map F' defines a map
Xk vk S UR) o, u) = (F(ur, ..., Fug) ) € U
Observe that if v € €, C V¥, then
Ev,(F**) = Ev, (P,F).
Thus, over €, the map F**¥ and the map
v Up(v) == Ev, (P,F) € U*
have the same zero sets. Note also that ¥p(v) = 0 iff P, € K, that is, iff

F>k(v) = Projpy ) PuF = 0.
Thus, over €, the maps F** and F>k have the same zero sets. By definition,
el Fl(2) = F*k(#(2)).
The map 7 restricts to a bijection
{(1(F) =0} NG = {F** =0} NG
In particular, if dimV =dimU and B C V is a box, then
Z[BEF** | = Z[7Y(B), m(F) .

Let us observe that we have a metric isomorphism of vector bundles

9 U (pry = Mi(U) ‘fr—l(B,’f)’
induced by the surjective morphism of product vector bundles,

Ev,: P*(U),, = Ulpe, Ty = ((BvyBv)) /By, )", v=(d).

The bundle isomorphism J~! := M (U) | Bt " Uigf is the desingularizing renormalization
we mention at the end of Subsection 2.4.1.
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2.4.5. Higher momentums. Suppose that
F:(Q,8P)x¥ -U, (w,v)— F,(v)eU,
is a U-valued Gaussian random map. We assume that the probability space (€2,8,P) is
complete and the map (w,v) — F,(v) is measurable.
The description (2.4.13) of the Kergin projector and the measurability assumption on F
show that (w,v) — P,F, € P¥(U) is a well defined C! Gaussian field.

Example 2.4.9. Suppose that k£ = 2. Then
P,(F)(v) = F(vo) + Flvg, n1](v — vg) = F(v) / Oy—vo) F (1 = t)vo + tvy )dt.
If vo # v1, 7 = |[v1 — vol|, v = L(v1 — vp), then

Flvg, v1](v /8F vo—i—t(vl—vo dt /BF Uo—i—trl/)d

1

/ —F(vo+ sv)ds = *(F(Ul) — F(vp)).

We recognize here the vector _(y) we used in the proof of Proposition 2.4.1. Note that
F(vg) = F(v1) = 0<= F(v9) = 0 = F[vg, v1]

In this case P?(U) consists of affine maps

v P(v) =up+Tv, T € Hom(V,U).
Then

Ev,P = (uo + Tvg, U1 +Tv1)
The
Pe KQ<Z>TU0 =Tv; = —uy, (’U1 —vg € kerT, Tvg = —ugp

The kernel K,(U) can be identified with (v; — vg)* ® U, where (v; — vg)’ denotes the
orthogonal complement in V' of the line spanned by vy — vg. We have a natural isometric
isomorphism U* — K, (U)*. O

Lemma 2.4.10. Let k > 1. Suppose that V is an open, convex subset of the Euclidean space
V and F : ¥ — U satisfies the F is a.s. C* and J,_1-ample. Then for anyv € ¥ there exists
an open convex neighborhood O, of v in ¥ such that the restriction of F to O, is k-ample.

Proof. We set
W)y = (v,...,v) € V¥

Then the Gaussian vector described by the Kergin projector Py, . (F) is nondegenerate be-
cause it coincides with the degree k—1 Taylor polynomial of F' at v and this is nondegenerate
as a Gaussian vector since F'is Jj_i-ample.

Since P, depends continuously on v we deduce that there exists an open convex neigh-
borhood O, of v in # such that, for any v € OF, the Gaussian vector P,(F) is nondegenerate.
Since the evaluation map

Ev, : P*(U) = U*, Evy(P) = (P(v1),...,P(v)),
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is surjective we deduce that the restriction of F' to O, is k-ample since

Ev, (Py(F)) = (F(v1),...,F(v)), Yo eV \A.

In the remainder of this section I will assume that F' is C* and J;_;-ample.
The thin diagonal of #*, denoted by Ay, is the subset

AO::{QE”//k; U1:-":Uk}.

Equivalently, Ag is the image of ¥ in #* via the diagonal map u + [u]g. Set
0:=J ok
veEYV
The set O is an open neighborhood of the thin diagonal and, for any v € O, the Gaussian

vector P, (F') is nondegenerate.

The multijet random section pu[F] is a.s. C1. For any @ € 0 = 7#71(0) the Gaussian

vector u[F](2) is nondegenerate as the image of the nondegenerate vector Py (F'), v = 7(2),
via the linear surjection 22%(U) — coky(v).

Using the global Kac-Rice formula (2.2.16) we deduce that for any compact set
K c0:=#2"10),

the number of zeros of pi(F') in K has finite mean, i.e.,
E[Z[K, e (F)]] < oc.

Suppose that B is a small box, i.e., a box contained in some O,. Then B¥ ¢ O and the set
Bk =71 (B?) C O

is compact. Rercalling the falling factorial notation, (z); = z(x—1)--- (z—k+1), we deduce

B[ (ZIB.F)),] = B[ 2(F",BY)]

=E[Z(p[F]. 7 (BY)) | <E[Z(pplF), BP) ] < oo
In general, for any box B C U there exists a sufficiently fine subdivision B;);cr so that each
box of the subdivision is small. Bulinskaya’s Lemma implies that

Z[B,F| =) _Z[B;,F] as,
el
and we conclude that Z[B, F] € L* for any box B C U.
We have thus proved the following result.

Theorem 2.4.11. Let k € N. Suppose that U,V are real Euclidean spaces of the same
dimension, ¥ C V is an open set and F : ¥ — U is a C* Gaussian field satisfying the
Jr_1-ampleness condition
k—1
for any v € ¥ the Gaussian vector @F(’“) (v) is nondegenerate. (2.4.18)
§=0

Then for any box B C ¥ we have Z[B, F] € L*. 0
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Corollary 2.4.12. Let k € N, k > 1. Suppose that V is real Euclidean spaces of dimension
m, ¥ CV isan open set and ® : ¥ — R is a C*1 Gaussian field satisfying the Ji,-ampleness
condition

k
for any v € ¥ the Gaussian vector @F(j) (v) is nondegenerate. (2.4.19)
j=0

Denote by €[B, ®] the number of critical points of ® inside the box B. Then €[B,®] € LP.O

Remark 2.4.13. (a) The proof of Theorem 2.4.11 extends to the case of random variables

Z[907F] = Z @(v)v ZBS Cgpt(%)
F(v)=0

They are L* if the assumptions of Theorem 2.4.11 are satisfied.

(b) L. Gass, M. Stecconi [66] have given an alternate proof Theorem 2.4.11 that avoids the
usage of Hironaka’s resolution of singularities theorem, but also relies in a veiled form on the
idea of multijet.

(¢) The multijet bundle described in this section is a simplified version of the construction of
Ancona and Letendre, but it is based on the same technique they introduced in [4].

The random multijet px[F] we described above is nondegenerate only on an open neigh-
borhood O of #71(Ap). It is possible that this neighborhood does not contain the entire
exceptional locus A = #71(A).

The more sophisticated multijet constructed in [4] is nondegenerate over an open neigh-
borhood of the exceptional locus. This allowed the authors to prove the more refined result,
namely, that the expectation of k-th combinatorial momentum of the random measure

Z[-,Fl= ) &
F(v)=0

(see [4, Sec. 6.3]) is a Radon measure over UP.

The small box localization trick has allowed us to bypass that more sophisticated mul-
tijet construction, but we proved an apparently weaker result, namely, for any compactly
supported continuous function ¢ on U the random variable

Zlp, F] = /ygo(v)up[dv]
is k-integrable. However, as shown in [4, Prop. 6.25], these properties are equivalent. O

Example 2.4.14. Fix an even Schwartz function a € $(R) and consider the isotropic Gauss-
ian function ®, on R™ introduced in Example 1.2.35. Its spectral measure is

1 2
Mu[dﬁ] = Wa(lil) dg.
As we have seen in Example 1.2.35 this function is a.s. smooth, k-ample and Jg-ample for
any k € N. For any box B C R™ we denote by &€,[B] the number of critical points of ®, in

B. We deduce from Corollary 2.4.12 that €,[B] € LP, Vp € [1, 00). O
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2.4.6. Some abstract ampleness criteria. We proved that the number of zeros of a
Gaussian map has finite k-th momentum assuming two things: the map is C* and Jj,_;-
ample. The goal of this subsection is to describe some simple guaranteeing various ampleness
properties of Gaussian fields. We begin we an abstract technical result that will be be our
main tool for detecting ampleness.

Proposition 2.4.15. Suppose that U is a Banach space with norm || — ||, T is a compact
metric space N € N and

G:UNxT— [0,00), (u1,...,un,t)— G(uy,...,un,t) € [0,00)
s a continuous function. We define
G, :UYN 5 10,00), Gu(ug,...,un,t) = ?éi%11G(u1,...,uN,t).
Suppose that there exist vq,..., oy € U such that G.(v1,...,on) = 19 > 0. Then, for any
r € (0,70), there exists € = e(r) > 0 such that
Vui,...,uy €U, Vi=1,...N, ||u; —vi|| <e= Gu(us,...,uny)>r.

In particular if
UycUxycC---

s am increasing sequence of finite dimensional subspaces of U whose union is a dense subspace
of U, then there exists v € N and

Ulyy -+, UNw S UI/

such that G*(ul,y, . ,uNW) > 0.

Proof. We argue by contradiction. Suppose there exists 1 € (0,79) and sequences in U

(wip)yerp i=1.., N,
such that
lim ||u;, —vi]] =0, Vi=1,...,N,
V—00
and
Gi(urp,...,uny) <ri, V.

Next choose t,, € T such that
G(uLy, e ,uNyl,,ty) = G*(uLy, . ,uN,,,)
Upon extracting a subsequence we can assume that ¢, converges in T' to some point to,. Then
ry > lingngfG*(uLy, .. ,uN,V) = liyrgioréfG(uLy, ... ,uNy,,,tV)

:G(Ul,...,vN,too) >re >Tq.
|

With T' a compact metric space as above, let E — T be a rank r topological real vector
bundle over T' equipped with a continuous metric h. For ¢t € T' we denote by | — |; the norm
on the fiber E; induced by h. The space C°(E) of continuous sections E is a Banach space
with respect to the norm

ue C(E).

lull := sup | u(?) [,
teT
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Definition 2.4.16. An ample Banach space of sections of E is a Banach space U C C°(E)
continuously embedded in C°(E) such that there exist vq,...,vy € U such that

VteT, span{u(t), u € U} = FE;.

Let k € N. We say that the Banach space U is k-ample if for any distinct points ty,...,tp € T
the map
Usu—u(t)® - du(ty) € By, - @ Ey,

is onto. O

Example 2.4.17. The space C°(E) is a k-ample Banach space of continuous sections of
E — T for any k € N. If T is a compact smooth manifold and £ — T is a smooth vector
bundle, then each of the spaces C*(E), ¢ € N, is a k- ample Banach space of sections of F
for any k£ € N. a

Corollary 2.4.18. Let E — T be a real metric vector bundle over the compact metric space
T Suppose that U C C°(E) is an ample Banach space of sections
U1 C U2 e

is an increasing sequence of finite dimensional subspaces of U such that

U= |J Uy

veN

is dense in U. Then there exists v € N, for any t € T, the evaluation map

Ev; : U, — E; is onto.

Proof. Using the compactness of T' and the openess of the surjectivuty condition we can
find vy,...,vny € U such that

Vt €T, span{vi(t),...,on(t) } = Ey.
For every uy,...,uny € U and t € T define

N
Sul,...,uN,t : RN — Eta Sul,...,uN,t(:B) = Zxkuk(t)
k=1

and
G(ui,...,un,t) = det (SUl:--~7UN7tS;1,...,uN,t) > 0.
Note that
span { u1(t),...,un(t) } = By <= G(u1,...,un,t) > 0.
Thus

G(ui,...,un,t) >0 <= Ev;: span{ul,...,uN} c U — E; is onto.
The resulting map G : U™ x T' — [0, 00) is continuous and, using the notation in Proposition
2.4.15,
Gy«(v1,...,on) > 0.
Using Proposition 2.4.15, we deduce that there exists v € N and u1,,...,un, € U, such
that
G«(uip,...,uny) > 0.
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Hence
Ev; : span{ul,...,uN} CcU — E;isonto, VteT.
A fortiori, this implies that
Ev;: U, —» E;isonto, VteT.
O
Corollary 2.4.19. Let E — T be a real metric vector bundle over the compact metric space

T. Suppose that U C CO(E) is a 2-ample Banach space of sections, Uy C Us--- is an
increasing sequence of finite dimensional subspaces of U such that

Uoo:UUl,

veN

is dense in U. Then, for any open neighborhood O of the diagonal A C T x T, there exists
v eN, for any (t1,t2) € T?\ O, the evaluation map

Evy 1, : U, — By, @ Ey, is onto.
Proof. For t € T? and u € U we set
u(t) == u(tr) ®u(tz), Ep=Ey & By, Evi(u) = u(t).
Using the compactness of T2\ O and the openess of the surjectivity condition we deduce that
Juq,...,vny € U, such that V¢ € T? \ O, span{vl(j), .o, on(t) } = E;.

For every uqi,...,uy € U and t € T? define

N
Sup,unit RY — Ey, Su17~~7uN7t(x> = Z$kuk(t)
k=1

and
G(u1,...,un,t) = det (Sulw-,UN,ﬁSZl,...,uN,ﬁ) > (.
Note that
span { ui(t),...,un(t) } = E<=G(u1,...,un,t) > 0.
Thus

G(ui,...,un,t) >0 <= Evy: span{ul,...,uN} C U — E; is onto.
The resulting map G : U" x (T?\ O) — [0,00) is continuous and, using the notation in
Proposition 2.4.15, we have G« (v1,...,vn) > 0.
Proposition 2.4.15, shows that there exists v € N and uy,,...,un, € U, such that
Gi(uiy,...,uny) > 0.
Hence
Ev;:span{ul,...,uN} C U — E; is onto, vt e T2\ 0.
A fortiori, this implies that
Ev, : U, — E; is onto, Vt € T?\ 0.
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Proposition 2.4.20. Suppose that E — T is a topological metric vector bundle over the
compact metric space T. Let X C C°(E) be an ample Banach space of sections of E embedded
continuously in C°(T).

Suppose that (up)neN s a sequence of sections in X such that span {un, n e N} is dense
i X and exists a > 0 such that

lunllu = O(n%) as n — oc. (2.4.20)

Fiz a sequence of positive real numbers (Ap)n>0 such that

An
liminf 22 > 0, (2.4.21)

n—00 nﬁ

for some > 0. Let a € §(R) be an even Schwartz function such that a(0) = 1. Fiz a
sequence of 1.i.d. standard normal random variables (Xy)n>0. Then the following hold.

(i) For any h > 0 the random series
> a(hdn) Xntn (2.4.22)
neN
converges a.s. in X. Denote by ®" the resulting continuous Gaussian section of E.

(ii) There exists ho such that Yh > ho the Gaussian section ®" is ample.
Proof. (i) Since a is a Schwartz function we deduce from (2.4.20) and (2.4.21) that
D> la(hdn) [lunlx < 00, VA >0

n—o0

The convergence of the random series (2.4.22) follows from Proposition 1.1.57.

(i) For i > 0 we set
Np:={neN; a(th)#0}
and denote by Y the closure in X of
span { Up; N € Np, }

According to Proposition 1.1.57 the above random series defines a nondegenerate Gaussian
I'" measure on the Banach space Y.

Set
U, = span{ul,...,u,, }

Since a(0) = 1, we deduce that

Iro >0, V|t| <o, |a(t)|>1/2.
Hence, for any v € N there exists i = h(r) > 0 so that

Vh < h(v), max h\; < 7o,
1<k<v
ie.,
U, cY" V> h).

Corollary 2.4.18 implies that there exists vy € N such that

vteT, Evy:U,, — E; is onto.
Set hg = fi(1p) such that U,, € Y VA < hy.
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We will show that for any ¢ € T' and any h < hg, the Gaussian vector ®"(t) is nondegen-
erate, i.e., for any open set O C Ej, P[@h(t) € O] > 0. Equivalently, this means

I'"[ Ev; ' (0)] > 0.

Since I'" is a nondegenerate Gaussian measure on Y, it suffice to show that the open subset
Ev; (0) € Y" is nonempty. This is indeed the case since Ev; '(0) N U,, # 0. 0

Corollary 2.4.21. Suppose that E — M 1is a smooth real vector bundle over the compact
smooth manifold M. Fix a smooth Riemann metric g on M, a smooth metric h on E and
a smooth connection V on E compatible with h. Let k € N and suppose that (¢n)nen 1S a
sequence of C* sections of E that span a dense subset of C*(E). Suppose that

[Pnllor () = O(n®) asn — oo, (2.4.23)

for some a > 0. Fix a sequence of positive numbers (An)nen satisfying (2.4.21). Let (Xp)nen
be a sequence of i.i.d. standard normal random variables and suppose that a € $(R) is an
even Schwartz function such that a(0) = 1. Then the following hold.

(i) For any h > 0 the random series

> a(hdn) Xnn (2.4.24)

neN
converges a.s. in C*(E). Denote by ®" the resulting C* Gaussian section of E.

(ii) There exists hg > 0 such that, Yh < hg, the Gaussian section ®" is Jy-ample.

(iii) For every point x € M, there exists an open neighborhood O, of x in M such that,
for any h < hy, the restriction of ®" to O, is k-ample.

Proof. (i) This follows from Proposition 2.4.20.
(ii) Consider the jet bundle Ji(E) — M; see (1.2.32). We have a continuous linear
CHE) = C(JHE)), ¢+ Jk(, V).

Denote by U the image of this map. It is a closed® subspace of CO( JF(E) ) Then the random
series

> a(hdn) XnJk(¢n)

neN

converges a.s. uniformly to J;(®"). Now observe that U is an ample Banach space of sections
of J¥(E). Indeed, using smooth partitions of unity we can find v1,...,¢n € CF(E) such
that, for any x € M,

span{ Je(W1(z), ..., Jp(¥n)(x) } = Jp(E)z.

Proposition 2.4.20 now implies that Ji(®") is an ample Gaussian section of Ji(E). The
statement (iii) follows from (ii) by invoking Lemma 2.4.10. 0

8Here we are using the classical fact that if a sequence of C-function (u,) has the property that both (uy) and
their differentials (du,,) converge uniformly to u and respectively v, then u is C! and du = v.
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Corollary 2.4.22. Fiz an even Schwartz function a € §(R) and consider the random Fourier
series Ff defined in (1.2.21). We regard it as a random smooth function on the torus
T = (R/Z)m. Then for any k € R there exists Ry > 0 such that, for any R > Ry, the

function Ff‘ s Ji-ample. g

Lemma 2.4.23. Suppose that E — M is a smooth real vector bundle over the compact
smooth manifold M. Fix a smooth Riemann metric g on M, a smooth metric h on E and a
smooth connection on E compatible with h. Let k € N and suppose that (¢n)nen S a sequence
of C* sections of E that span a dense subset of C*(E). Set

U, = span{qﬁl,...,éy}.
Then there exists vy > 0 such that Yv > 1y the following hold.
(i) For anyt € M and any v > vy the map
U, > u— Ji(u) € Ji(E})

is onto. Above, Ji(u); is the 1-jet of u at t, Ji(u)r = u(t) &Vu(t) € E,@Ty M Q Ey.
(i) For anyt € M?\ A the map

U,2u—u(t) € By
18 onto.

Proof. The space C*(E) is Jj-ample and arguing as in the proof of Corollary 2.4.18 so there
exists 1 € N such that for any v > 11 and t € M the map

U,>ur— Jl(u)t S Jl(E)t

is ample.

The argument at the beginning of Subsection 2.4.5 shows that there exists an open neigh-
borhood O of the diagonal A € M? such that Vv > 1; and any ¢t € O\ A the map

U, >uw— u(t) € E;

is onto.
Corollary 2.4.19 implies that there exists 19 > 0 such that Vv > vy and any t € M2\ O
the map
U,2>u—u(t) € By

is onto. Then vy = max(vy, v2) has all the claimed properties. O

Corollary 2.4.24. Fiz an even Schwartz function a € 8(R) and consider the random Fourier
series Ff defined in (1.2.21). We regard it as a random smooth function on the torus
™ = (R/Z)m. Then there exists h = hgo > 0 such that, for any h < hgo the function
Fl is Jy-ample and VE! is 2-ample. O



2.5. Laws of large numbers 149

2.5. Laws of large numbers

Markov’s weak law of large numbers states that if (X, )nen is a sequence of mean zero, L?
ii.d. random variables and

then
1
~Sv =0 in L2
The proof is very simple. The i.i.d. condition shows that
Var [ S3/] = N Var [ X1 ].

This result can be substantially strengthened by relaxing the i.i.d. assumption to a weak
correlation assumption. Namely, the same conclusion is valid if we assume only that there
exists a sequence of nonnegative real numbers (c)x>0 converging to zero such that

Cov [Xm,Xn] < c(]m—n|)

In this subsection we prove of a similar result for multiparameter familes of random variables

(X7) gem-

2.5.1. An abstract law of large numbers for multiparameter familes of random
variables. Fix m € N. Suppose that we have an even continuous function p : R™ — (0, 00)
that decays sufficiently fast to 0 as |x| — co. Then

/ p(x—y)dwdy:N2m/ pn(u — v )dudv
NBxNB BxB

where py(x) = p(Nx). Observing that py(x) — 0 almost everywhere on B we deduce from
the dominated convergence theorem that

/ pN(u—v)dudU—>O
BxB

as N — oo. Hence

/ p(a:—y)dmdy:o(NQm) as N — oo
NBxNB

In fact we can be more precise.

If we use Fubini theorem and integrate p along the m-planes orthogonal to the ‘diagonal
Ay ={x =y} C NB x nB we deduce that

/ p(x — y)dxdy < Cvol,, [AN] /
NBxNB

o Np(a:)d:c < C’Nm/ p(x)dx.
z|<

|| <N

If we specialize further, p(x) = p >0, p# m, then

_1
1+|x|P?

/ p(x)dx = O ( Nmax(m=—p0) )
|e|<N

so that
/ p(x — y)dedy = O Nmmax(m—p,0) ).
NBxNB
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The sum

DGR

(k0)elp xI7

is a very rough Riemann sum approximation of the above integral when B = [0,1]"¥. The

next results show that if p(x) = then this Riemann sum is also o( N*™) as N — oc.

1
14|x|P
Denote by |z|; the £! norm of € R™,

m
el =) Jl-
j=1

The following technical elementary result is the key to the abstract law of large numbers for
multiparameter families.

Lemma 2.5.1. Fiz m € N. For any N € N we set Ry, := [T} x I7.
(i) If m > 1, then there exists a constant K = K(a,p,m) > 0 such that

1
— < KN?™=#®)  (p) = min(p, 1).
i, (L .

(ii) If m =1, then there exists a constant K = K(«,p) > 0 such that

2m—r(p)
o (ralk=0p =" \NloghN,  p=1

Proof. (i) m > 1. For any N € N define

DN,m = { (E,é) S iRNm; 3] = 1, NS kj = Ej }, R?va = iRNm \DN,m-
Note that

—

m
Dy =|J Dy, Dy={(k0)eRn; ki=14}.
=1
For 1 <4y <--- <1, <m we have
#(DiN---N DY) = N2t

Using the Inclusion-Exclusion Principle we deduce that

m
#DN — Z(_l)p—l <m) N2m—2r+1 < 2mN2m—1'

r=1 p
We have
> > . .
(FDHeRy (1+all— k)" (F,))eDy (1+all— k) (RDery, (1+all—Ef1)"
—Yy =Zn
Note that

Yn < #Dy < 2mN?m L
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To estimate Zy we first analyze the structure of the region R};. Denote by R; the reflection

1 W r1 Y

R; :R™ x R™ — R™ x R™, @ = @

L Tm Ym L Tm Ym
Denote by G, the direct product of cyclic groups
G = (2/22)" = {€=(e1,...,em); & =0,1}.
The group G, acts freely on R},
& (k.0)=R(k.0), R°*=R{---R.

We denote by (‘BE the positive chamber of R%;,

G*—{( 0O eRy; >k, V1<j<m},
and we observe that

Cr=T%, Tn:={(k{)clyxIy; >k}

We have

U re;.

gEG"YL
The function p is Gm—invariant SO

1
Z (1+a!€ k1 )? Z Z (1+ o)l -kl )"

(k,0)eRy, €eGm (kL)eRee],
1 2m 1
=2" ) <= Y
(e (LHall—kL)" o |6 — K[}
(use the AM-GM inequality)

(€ =T%)
om B m om m
N (ma)pH (= 5) = (ma)p( Z (£~F) Y )
7=1 (k}j ,ej)E(.TN (k,f)GTN
. Now observe that
N—1N—k
Soo(=k)Tm=Y S
(k,0)eTNn k=1 j=1

To proceed further we need to use the following result.
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Sublemma 2.5.2. Let r € R. Then for any M € N

1 r+1
T_A'_lM ’ r Z 07

M 1 r+1
, =M +1, re(-1,0)
S (M) := g T < (M) =4 ’ T
r(M) j:lj < ur(M) logM +1 r=-—1

2, r < —1.

Proof. Using approximations by Riemann sums for the integral

M
I.(M) :—/ z"dx
1
we deduce
(M -1, r>0,
1 +1
ST’(M)S IT(M)7 T'>0,: m(Mr _1)+17 7"6(—1,0),
I.(M)+1, r<0 14 log M, r=—1,
(1= M) +1, r< -1

ML >0,
LML e (—1,0),

< ) ’
T |1+logM, r=-1,
2, r<—1.
O
Suppose that p #% m. Using Sublemma 2.5.2 we deduce that
N—k 1 _ 1-p/m
S gy -ty = { T SR <
j=1 1<p/m
Next, using the sublemma again we deduce
N 1 _N2-p/m
S u (N - k) < {(l‘p/mxa—p/m)N +N, p/m<L,
k=1 2N 1 <p/m.
Hence
1 n2-p/m
(k.O)ETN 2N 1< p/m.
and thus
1 2m N2m—p <
In= 3, == S < C(m,a,p) R (2.5.1)
(1410 —k[y)p — (ma)? N™ p>m.

(k,HERY,
If p = m, then Sublemma 2.5.2 implies that
N—k

Y i <ua(N k) =1+1log(N — k),
j=1
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and
N

> (1+1log(N —k)) =N +log N'.
k=1
The conclusion follows from Stirling’s formula which implies that

log N! = O(NlogN).
(ii) Suppose that p = 1. Then

1 1
. N4+ <k<t<n—
2 Atafk=fp 7 21:— SCSMT T ak—gp

k,0=Ix
N-1
2 1 2 N —j
<N+ =N+ — .
P — k)P P P
bl ) =
N-1 k N-1
2 1 2
k=1 j=1 k=1
The conclusion now follows exactly as in (i). O

Lemma 2.5.3. Fiz m € N. For any N € N we set Ry, := I}y x I%. For any o > 0 and
any p > m there exists a constant K = K(a,p,m) > 0 such that
> L ke

(1+0&|f—k‘1)p

—

(k0)eRN,,

Proof. We argue by induction. The case m = 1 is covered in Lemma 2.5.1 (ii). Define
1

pm N x N™ — (0, 00), pm(E,[) = (1+a“;_£_,|1)p.

For any region R C N x N™ we set
S(R, pm) = Z pm(lg,f)
(k,0)eR
For any N € N define
Dy = { (E,@ €ERNm; Fj=1,....m, k;j ={; }, RN.m = RN, \ Dn,,,-
We have

S(RN,mv pm) = S( DN7m7 Pm ) + S(:R*]{V,ma pm)
The inequality (2.5.1) implies that

As before we have
Dy =Dk Divp={ (k0 €Rn,; ki=1}.
i=1

Using Inclusion-Exclusion Principle we deduce

m

S(DN,mnOm) :Z(_l)P—l Z S(D§\177mﬂmD§\I;,m’pm)

p=1 1<iy <-<ip<m
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_ i(_l)}?fl <7Z>S(D11\7,m N---N D?v,wpm)
p=1
= g}(—l)pl <7Z> S( fRN7m,p, Pm—p ) < i (7;:) S( :RN,mfp’ Pm—p )

p=1
(use the induction assumption)

m
<K <m> N™P < K(N +1)™ < 2"KN™,
O

Corollary 2.5.4. Consider a family of random wvariable (XZ)ZGNM defined on the same

probability space (2, 8,P) such that there exist constants C,c,p > 0, p # m, such that
C L
| Cov [ X7, X7] | < 5 Yk, L€ N™.
(1+alk—1 | )

Then, as N — oo, the averages
1
An(X) = > (X -E[Xz]) =0
kel
in L? and a.s..

Proof. Suppose first that m > m. Then
E[An(X)*] =O(NT™).

>

N>1

If m > 2, then

and we deduce that for any ¢ > 0
1 2
P < =
S Pl Ay|>e] <53 P <o
N>1 N>1
so Ay — 0 a.s.. If m =1 the conclusion follows from [91, Thm.10].

If p < m we have IE[AN(X)Q] = O( Nt ) The a.s. convergence follows from the Strong
Law of Large Numbers [104, Thm. 4]. For » € N we denote by C, the lattice cube I5.. Set
N, :=2r+1,

Then

wi= Y ExK) | YBR[ < K
ELeCri1\Cr E2eCriy
where K > 0 is a universal constant. We deduce that
(r+1)2 (r + 1)2
Yl sy B
r>0 r r>0
According to [104, Thm. 4], this implies that Ax(X) — 0 a.s.. O

For latter use we want to mention a version of Corollary 2.5.7 for “pyramidal” arrays.
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Corollary 2.5.5. Let m > 2. Consider a family of random variable (Xéy )NeN, ferm defined

on the same probability space (2, 8,P) such that there exist constants C,ac > 0,p > m such
that

| Cov [ XY, x| < VN € N Vk, 0 € bI}y.

Then, as N — oo

in L? and a.s..

Proof. Lemma 2.5.3 implies E[ Ay (X)?] = O(N~™). Now conclude as in the proof of
Corollary 2.5.7. 0

2.5.2. SLLN euclid. Fix an even Schwartz function a € §(R) and consider the isotropic
Gaussian function ®, on R™ introduced in Example 1.2.35. Its spectral measure is

ol d€] = ral(1€]) e

Its covariance function is determined by

Ka(w) = g [ e6a(lel) e

As we have seen in Example 1.2.35 this function is a.s. smooth and k-ample for any k& € N.

For R > 0 we set
ag(t) :=a(t/R), VteR.
Consider the finite Borel measure pff € Meas(R™)
1 1 2
€] = gt (OALAE] = ool /R)AL e

We set @f = Pg,. Its covariance kernel is

KE(w) = o [ eH6a(je)/R) s = B ().

and we deduce that
of = R™20,(Rx).

For every R > 0 the random function ®Z is a.s. Morse and there is an associated critical

random measure
R ._
¢, = g 0.

VoLl (x)=0
Thus, for any Borel subset S C R™, ¢£[S] is the number of critical points of ® in S. More
generally, if f: R™ — R is a continuous compactly supported function we set

~ [ f@ella]= 3 fe)
R VR (2)=0

Let &, := CR . The main goal of this subsection is to investigate the behavior of € in
the white noise hmlt R " 00. The main result is the following.
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Theorem 2.5.6. Fiz an amplitude a € 8(R). Then the following hold.
(i) There exists a universal explicit constant Cp,(a) > 0 such that for any f € C’gpt(Rm)

we have
E[€(f] = Cn(@R™ |  f(@)dz.

(ii) There exists a constant Vi, (a) > 0, that depends only on m and a such that for any
f € Cgi®R™)

Var [ €l[f]] ~ Vin(a)R™ f(z)?dx, as R — oo.
Rm
O

The case m = 1 of this theorem was proved by M. Ancona and T. Letendre [3, Thm.
1.16] and L. Gass [65, Thm.1.6]. This theorem was recently proved by a different method in
[2]. One immediate application of Theorem 2.5.6 is a law of large numbers.

For any positive integer N we denote by £ the random measure

1
Theorem 2.5.6 shows for any f € Cgpt (R™) we have
Var [ Ln[f]] ~ const x N™™ as N — oo

Since anl n~™ < oo for m > 2, we deduce from Borel-Cantelli the following law of large
numbers.

Corollary 2.5.7. Let m > 2. Then for any f € Co (R™),

A}im LN[f] = Cm(a)X[ f] = Cin(a) f(x), as. and L2 (2.5.2)
— 00 RrRm
where X denotes the Lebesgue measure. O

Proof of Theorem 2.5.6. . We need to introduce some notation. Set
e Define

T :R™ xR™ 5 R, O(x,y) = a(x) + Pa(y), €=,

~

H(zx,y) := Hessg(x,y), H(x):= Hessg,(x).
e Choose an independent copy ¥, of &, and set

(I)(.’B,y) = (I)u(m) + \Du(y)7 H(:l:,y) = Hess;l;(a:,y), <= Q:EIS

o Set || f]l :==IIfllcogm)-
e Set
X=R"xR"\A={(z,y) eR"xR™ x#y}.

Observe that the random function on 5(33, y) is stationary with respect to the action of R™
on R™ x R™ itself by translations

Ty(x,y) = (:c+'u,y+v), x,y,veR™, (2.5.3)

whereas ® is stationary with respect to the action by translations of R>™ on itself.
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We have
I fR?) = > fr(®) fR(Y) = €[ fR]* — CalfF)-

V&, (x)=VP,(y)=0,
TF#Y

Bulinskaya’s lemma implies that
]P’[Ela: : VO4(x) = VU,(x) = 0] =0

and we deduce

CIxfR%] = § fr(z)fr(Y)
Vq)a(m):Z‘I’a(y):Ov
zEy

= S fr(@)frly) = €lf. 2 ]€lf. U], as.

V&q(z)=V¥a(y)=0

Hence
E[C[fr, ®o] - €[f, Vo] | = E[€[fr, ®a] ] - E[€[fr, Vo] ZE[Q[fRy@a]]Q
so that
E[ ¢ [Ixf7] - B[€ T2 f5)] = B[l fr)?] —E[Culfa] " ~E[Clf2]].  (25.4)

-~

=Var [ [Ca[fR]]
We have seen that

E[€.[f2]] = R™Chm(a) - f2(x)dax

so we have to show that

I(R) :==E[C[Ixf5*] —E[€[Ixf5*]] ~ Zm(a)R™ (x)%dx as R — oo (2.5.5)
Rm
for some constant Z,,(a) € R that depends only on m and a.

Lemma 2.5.8. For any x,y € R™, x # y, the Gaussian vector VZI;(J:, y) is nondegenerate.

Proof. We have

Var [V@(w,y)] =

Var [ V®,(x) | Cov [V@q4(x), VPa(y) | ]

Cov [ V®4(y), Voq(x) ] Var [ V®,(y) |

As shown in (2.3.20), for any & € R"” we have

Var [V®,(x) | = dp 1, dm:/Rn Eual d€].

We have
Cov [ V®u(z), VBa(y) | = (8,0, Ka(z —y))

1<j,k<m
and

00 Kalw—y) = [ T de]. (25.6)
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Since @, is stationary it suffice to consider only the case @ = 0. On the other hand, &,
is O(m)-invariant so, up to a rotation, we can assume that € —y = —tej, t # 0, where
{ei1,...,en} is the canonical basis of R™. Hence

0.0 Kalw—y) = [ e[ de]

Let us observe that if j # k, then either j # 1, or k # 1. Suppose j # 1. The function
e“fl{jfk is odd with respect to the reflection &; — —&; so

Oy, By K ol ) = /R g de] =0, V)£ k.
If j = k, then
dn(j) 1= 0z, 0y, Kol y) = / Mgl [dg ] = / cos(t€1)€] pal €]
and we deduce’
m(J 7 al d H ald§| =d
o) < [ Jeostter) Ighnalde] < [ o[

After a reordering

(8x1<I>a(:1:), o300 @a(), 0y, Pa(y), - - - Oy, Paly) )
1
(8$1<I>a(m), Oy Pa(y), ..., 0, Pa(x), 0y, Pa(y) )

we see that

Var [V (x, y) ] é{ (j)}

Jj=1 dm

=V

Note that, for each j, the symmetric matrix Vj is positive definite since
det V; = d2, — dp(4)* > 0.

O

Since V(IS(:B,y) is nondegenerate for © # y we can use the Kac-Rice formula to compute
E[@R[IxfEQ] ] We deduce that for any R > 0

E[C[Ixf5%]

:/RMXRT”\AE“det]?I(w,yN|V</I;(w,y):0]pv¢wy()f (x,y)A[dedy].  (25.7)

:ﬁévy)

Since ® is invariant under the translations (2.5.3) we deduce that p depends only on x — y.

9At this point we use the fact that a([€]) > 0 for |£| sufficiently small.
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The gradient V:I;(:B,y) is nondegenerate for any x,y and invoking Kac-Rice again we
obtain

E[€[Ixf5]]
- / E[|det H(@, )| |[VO(@,y) = 0]pgg(p,) (0) 7 (2, y)A[dady].  (258)
R™xR™\A

:ﬁ(m,y)

The function pr(x,y) is independent of &, y since the random function D is stationary. Thus

I(R) = /3€ (p(x,y) — plx,y)) fr(x)fr(y)A]dedy . (2.5.9)

=:A(z,y)

There is a serious issue concerning p(x,y) namely it blows up as (x,y) approaches the
diagonal so this Kac-Rice density may not be locally integrable.

We first describe the behavior of A(x,y) away from the diagonal. Note that A depends
only on the x — y.

For every z € R™ we set
T(z):= Y |0°Ka(2)|.
la|<4
Since K is a Schwartz function we deduce that
T(z) =0(|z]7>) as|z| — oo.
This means that
Vp >0, T(z) =0(|z]") as |z| = occ.

Observe that

Var [VE(z, )] = [Var [vocba(m)} . [VOq)a(y)] } — doLom,
and
R Var [ V®,(x) | Cov [ V®q4(x), VP4(y) |
Var [V@(m,y)] =
Cov [ V®q(y), Voq(x) ] Var [ V®u(y) |
) 0 Cov [ V®,(z), VO4(y) ]
= Var [V@(m,y)] + :
Cov [V®4(y), V®4() | 0
=Ry (z,y)
Hence

| Var [V@(m,y)] — Var [V%(az,y)] Hop = ||Ry(z,y)|lop = O(Tr(z —y)), (2.5.10)
The operators Var [VZI;(:L', y) | and Var [V%(w, y) | are invertible for @ # y. In particular

Var [V@(az,y)]fl = < Var [V;I;(a:,y)] + Rv(w,y))_l 2.511)

= ( 1+ Var [V&)(w, y) | _IRV(:D, Y) >_1 Var [V‘i)(ib, y) | _17

| Var [V®(z,y)] ' — Var [VO(z,4)] || =O(T(z —y)) as |z —y| = c0.  (2.5.12)

op
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Note that [ }
- Var | H(x) 0
Var [H(z,y) | = [ 0 Var [ H(y) | }

Since @, is stationary, Var [ﬁ(w, y)] is independent of x and y. We have

R Var [ H(x) | Cov [H(x), H(y) |
Var [H(z,y) ]| =

Cov [H(y),H(az)] Var [H(?J)]

_ 0 Cov [H(az),H(y)]
= Var [H(z,y)| +
Cov [H(y),H(a:)] 0
=:Ry(x,y)
We deduce that as |z — y| — oo we have
| Var [ﬁ(az,y)] — Var [f[(w,y)] Hop = ||Ru(x,y)llop = O(T(z —y) ). (2.5.13)

We denote by H (x,y)” the Gaussian random matrix
H(z,y)’ = H(w,y) —E[H(z,y) | Vo(z,y].
Similarly, we denote by H (x, y)b the Gaussian random matrix
H(w,y)" = H(x,y) - B[ H(z,y)|, V],

The distributions of H(z, y)” and H (x,y)” are determined by the Gaussian regression formula
(1.1.18).

Since H (x,y) and V&)(:c, y) are independent we deduce
Var [ﬁ(w,y)b] = Var [ﬁ[(:n,y)}
Using the regression formula we deduce that for |z — y| > Cy,
Var [ﬁ(m,y)b] = Var [f[(m,y)]
— Cov [f[(m,y), V;I;(m,y)] Var [V(I;(a:, y)]_l Cov [V(I;(a:, y), H(z,y) 1l
= Var[H(z,y)’ ]| + Ru(z.y)

— Cov [ﬁ(az,y), V@(w,y)} Var [Va(w,y)]fl Cov [V@(w,y),ﬁ(az,y)].
We have
Cov [H(z),V®(x)] Cov[H(xz), VP(y)] ]

Cov [f[(m,y),vzﬁ(m,y” = |:
Cov [H(y),V®q(x)| Cov[H(y), VP(y)]

Cov [0 Cov [ H(x), V®a(y) | ]

Cov [H(y), V() | 0
This implies
Cov [f[(m,y),vzﬁ(m,y)} = O(T(m - y)) as |x — y| — oc.
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We deduce from (2.5.12) that
Var [V@(w,y)]fl = Var [V%(w,y)]fl +0(T(x—-y)).
Since Var [VE’(:L‘, y)] is independent of & and y we conclude that

~ ~ ~ -1 ~ ~

Cov [H(z,y),V®(z,y) | Var [VO(z,y)]  Cov [VO(z,y), H(z,y) ]| = O(T(z —y)),
(2.5.14)

Since Var [H (z, y)] is independent of x, y we deduce that there exists po > 0 such that

Var[ ( y) ] > pol, Vo #y.
We deduce from (2.5.14) and Lemma 1.1.27 that

‘E“detfl(w,y)b\] E[|det H(z,y)’| ‘— —y)l/2), (2.5.15)

Using (2.5.12) we deduce that as | — y| — oo we have

‘ pV%(m Y) (O) - pVEIVD(a: y) (0) ‘

. (2.5.16)
= (27r)_m/2’ det Var [V@(w,y)] — det Var [V@ z,y) | ‘ =0(T(x—1y)).
Note also that (2.5.13) implies that
sup || Var [ﬁ(m,y)l’]ﬂop < 00 (2.5.17)

|z—yloo>1

We can now estimate the right-hand-side of (2.5.33). Using (2.5.15), (2.5.16) and (2.5.17) we
conclude that

Vie—y|>1, |Alx,y)|=0(|z—y|™™), as|z—y|— . (2.5.18a)
sup | Az —y) | < oo. (2.5.18Db)
lz—y|>1

Suppose that

supp f C {[z| <o}.
Denote by X the radial-blowup of R™ x R™ along the diagonal. It is diffeomorphic to the
product R™ x ™1 x [0, 00).

Choose new orthogonal coordinates (£, n) given by

1
=z +y, n:w—y@w:%(fﬂw), yzi(é—n)

then
|z —y|=|n|, dedy=2">"dédn.

Recall that p depends only on 7. Note that if @,y € supp f, then |z|, |y| < ro and thus
1 1
z,y €supp f = [&], [0l < GlE 40l + Sl —nl = || + [y] < 2r0. (2.5.19)
The natural projection 7 : X - R™ x R™ can given the explicit description
x S [0,00) 3 (€ w,1) = (§,1) = (§,7v) ER™ X R™.

We set
U)(:I), y) = |.’L‘ - y|m_2ﬁ(m7y)
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We deduce from [16, Sec. 4.2] or [55, Appendix A.1]

sup | w(wm,y) | < oco. (2.5.20)
0<|z—y|<1

It is easy to see that p o7 admits a continuous extension to the blow-up. Using (2.5.42),
(2.5.18b) and (2.5.44) we deduce that for any p > 0 there exists a constant K, > 0, such that

z —y[" Y A, y) | < Kp(1+ |z —y|) P va £y (2.5.21)
Set

3(&,m) = A(m(&m))
Since A(x,y) depends only on y — x we deduce that (&, n) is independent of £&. We have

/Aacyf (x,y)dxdy

~ 92m /m/h/' re(om) rm5(&rv) fr (€_|_mj)]“g(5 )drvolsm 1[dv)d€
(€ = 2R()

(2043) m m _— o .
R /|§<2r02 (/:;(Jlr 5(0,7'1/)f(<+2R>f<C—2R>d7“v015m1[dy]> dc.

=:J(R)

We deduce from (2.5.43) and (2.5.44) that for any p > 0 there exists K, > 0 such that for
any R >0, |v|=1 and r > 0 we have

15 (0,mw) 1 (4 o2 )1 (C= s ) [ < Bl (1+r) T

For p > m we have

/C|<2 (/(0 gm—1 (1 + r)_Per—ldr volgm-1 [du]) d¢ < oo.
=470 ,00X S™M—

The dominated convergence theorem implies that J(R) has a finite limit as R — oco. More
precisely

. B . . )
P _/|C|<2ro (2 /l;l;olr 15(0”””)617”"01%1[65'/]) f(¢)7dg.

=:Zm(a)

This concludes the proof of Theorem 2.5.6 (ii) with V,,,(a) = Z,,(a) + C(a).

O

As detailed in Appendix C.2 the above result can be rephrased as saying that the random
measures £y converge a.s. and L? to the deterministic measure C,(a)X. In particular, for
any bounded Borel set S, the random variables £ [S] converge a.s. to Cp,(a)A[S] a.s.. Thus,
in the white noise limit N — oo, the critical points of ®2 tend to equidistribute with high
confidence.
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For any f € C9,(R™) we have

Q:N[ﬂ = &lfn], fn(z) = f(Nfla:).

Suppose that f € C. (R™) is nonnegative and

Cpt

Alf] = f(x)dx > 0.
Rm

Then the sequence
1
fn(x) = WfN(fB)

is asymptotically stationary in the precise sense defined in Appendix C.2. The random
measure &, is stationary and Theorem C.2.2 implies that

z\}flm/\[f]Q:N[f]

exists a.s. and L' and it is a random variable @a independent of f. It called the asymptotic
intensity. Moreover, we can identify Ea with a measurable function on the space M of locally
finite Borel measures on R™. In the sutuation at hand, the above results show that the
random variable Ea is deterministic, more precisely, @a = Cp(a)

The distribution of the random measure €, is a Borel probability measure Pg, on M. The
additive group R™ acts on M by translations and, since ®, is stationary, we deduce that P,
is invariant under the above action of R™. The distribution of the random measure &, is a
Borel probability measure Pg, on M. Since ®, is stationary, we deduce that Pg¢_ is invariant
under the above action of R™.

The asymptotic intensity Ea has an alternate, ergodic, description (C.2.2) involving the
above action of R™ on M. The fact that &, is in fact deterministic suggests that the action
of R™ on (M, Pe, ) might be ergodic. There is some circumstantial evidence.

The Gaussian function ®, defines a Gaussian measure I' on C?(R™). The additive group
R™ acts on C%(R™) by translations. Since the Gaussian function ®, is stationary, we de-
duce that the above action is I'-preserving. Since the spectral measure of ®, is absolutely
continuous with respect to the Lebesgue measure, the above action of R™ on (C?*(R™),T')
is ergodic; see [20]. This is the fact used in 1960 by V. Volkovski [156] to prove Corollary
2.5.7 in the case m = 1. We refer to [37, Sec. 11.5] for details.

2.5.3. Critical points of random Fourier series. Fix an amplitude a € S(R). This
means that a is even and satisfies a(0) = 1. Consider the random random Fourier series
FE:R™ — R defined by (1.2.21),

FE@) = R/ Aguo + > a(| 27|/ R) (Azudd) + Brod)) )
-0

_ R—m/2 Z ‘27T€|/R Z_€27rz<£ 9)
lezm

where we recall that (4;);ym » (Bp)jzym are i.i.d. standard normal variables

— —

uZ(Q) = V2cos 27 (Z,6), vy = V2sin 27 ((, ).
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and > is the lexicographic order on R™: x < 1y iff there exists j such that x; < y; and
x; = yi, ¥i < j. The complex Gaussian variables (Z;);_,.» are defined as in (1.2.22). As
explained in Example 1.2.31, the random function R"/ 2FI converges in distribution to the
Gaussian noise on the flat torus. For this reason we will refer to the R — oo limist as white

noise limits.

The covariance kernel of FF is €F(4,3) = CE(7), where 7 = 6 — @. We deduce from
(1.2.27) that

— RS a(|2nl|/R)%e 2D CE ST K (R-F)R), (2.5.22)
Lezm kezm

Kule) = G [, Il A L]

We can interpret Ff in two ways, either as a Z™-periodic stationary Gaussian function on
R™ or as a Gaussian random function on the torus T™/Z™.

We set

and

V(@) = Fy(z/R),
and we think of WX as a (RZ)™-periodic random function on R™.

This is a stationary random function with covariance kernel XZ(z,y) = KE(x — y),
where

(2.5.22) -
Kl (x)=Cl=x/R) "=" Y Kz - Rk).
Eezm
Since K, is a Schwartz function we deduce that
lim K (x) = K4(z), V& cR™,
R—o0
so that \IIE converges to in distribution to the isotropic function ®, as R — co.

Clearly, VFE(y) = 0 iff VUE(Ry) = 0 so, for any box B = [a,b]™ C R™, and any
[ € CO(R™), we have

¢[B,F ] =¢[RB, V], ¢[f F}]=¢[fr¥]],
where fr(x) = f(R_lac). In Example 2.3.8 we proved the equality (2.3.30)
E[¢[B,Ff]] = R™(Cp(a)vol [B] + O(R™™)),
and (2.3.31),
e[ f,FR] = R™( C,, O(R™> de,
1R = R (Culw) + O(R) ) [ fla)da

where C,(a) is defined in (2.3.26). In [115] we proved that that there exists a constant
C!(m) > 0 such that if B =1[0,7]" r € (0,1/2) we have

lim R~ Var [€¢[B,Ff]] = C),(a)\[ B]. (2.5.23)

R—o00
The proof of (2.5.23) in [115] is very laborious and computationally intensive.

The first result of this subsection is a functional version of (2.5.23). We achieve this using
a less computational, more robust and more conceptual technique. One consequence of this
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asymptotic estimate is a (functional) strong law of large numbers concerning the random
measures €[—, FN], N € N.

First some notation. Denote by | —| the Euclidean norm on R™ and by |— | the sup-norm
on R™. For &g € R™ and r > 0 we set
B (zo) :=={x eR™; |z| <1}, BX(z0) :={xzeR™; |z <7}
Clearly B (z) C B2°(xo).
The function F? is Z™-periodic and for r € (0,1/2) the ball BX°(0) is contained in the
interior of a fundamental domain of the Z™-action since | — Y|oo < 2r < 1 and |[{| > 1,
V¢ € Z™ \ 0. This reflects the fact that the injectivity radius of the flat torus T = R™/Z™

is < % so B,(0) can be viewed as a geodesic ball. We can now state the main technical result
of this paper.

Theorem 2.5.9. Fiz an amplitude a, a positive integer m € N and a radius ro € (0,1/2).
There exists a constant V. = Vp,(a) > 0 that depends only on m and a such that, for any
continuous function f:R™ — R with support contained in By,(0), we have

lim R™™ Var [€[f, FE]] = Vi, (a) (x)%dz. (2.5.24)

R—o00 Rm

Before we present the proof of this theorem let us discuss some of its consequences.

Consider the normalized random measures
— 1

R o

A function then we deduce that for any f € Cgpt (R™), supp f € By, (0), we have

¢[—, Ff, R>o0.

a

Jim B[€rlf]] = Cn(a) | f@)A[de], (2.5.25)
and
Var [€g[f]] ~ Vip(a)R™™ f(x)?dx as R — oo. (2.5.26)
R™

Since Ff is stationary, the same is true for any continuous function f with support contained

in By, (o). Indeed, this follows by applying (2.5.26) to the function f(x) = f(x — xo).
Using finite partitions of unity we can represent any f € C’gpt(Rm) as a finite sum of

functions supported in Euclidean balls of radius rp and we deduce from (2.5.24) that

Vf € Coy(R™), Var [€g[f]] =O(R™) as R — .

If m > 2, then

The Borel-Cantelli lemma and (2.5.26) imply that for any nonnegative f € C2(R™) we have

A}im Cn[f] = Cm(a) f(®)A[dz] as. and in L2 (2.5.27)
—00 Rm
Thus, in the white noise limit (R — 00), the critical points of F? will equidistribute with

probability 1. In the case m = 1, this law of large numbers is proved in the recent work of
L. Gass [65, Thm. 1.6].
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We can rephrase the equality (2.5.27) as a law as large numbers. We refer to Appendix
C.2 for the various concepts of convergence of random measures. The equality (2.5.27) and
Theorem C.2.1 imply the following result.

Corollary 2.5.10 (Strong Law of Large Numbers). In white noise limit (N — oc) the
random measures N%@[—,Fcfv] converge vaguely a.s. and L? to the deterministic measure
C(a)X. In particular, for any bounded Borel subset S C R™ we have

lim T@[s EYN] = Cn(a)A[S]

N—oo

a.s. and L?. O

In [116] we proved that in the white noise limit the random measures €[ —, F¥ ] also
satisfy a Central Limit Theorem. More precisely, for any r € (0, 1)
1 N N
o7 (€lB3 FY) ~ B[ €[B%,, FN)] )
converges in distribution to a centered normal random variable with nonzero variance.
As explained in Appendix C.2, each stationary random measure 991 on R™ has an asymp-
totic intensity 9t. This is a random variable defined by the ergodic limit (C.2.3)

1 —~
Jim IINC] ———M[NC| =M, (2.5.28)

where C' C R™ is any compact convex subset of R containing the origin in the interior.
The random measure M = €[—, ] is stationary and the results of the previous subsection
show that the asymptotic intensity of €[—, ®,] is the constant Ecpﬂ = Cp(a).
For fixed N > 0, the random function @éVO is (RZ)m—periodic and we deduce that for
any N € N we have
C[N By, D] = N™€[BF,, 0.

Hence

oo 1 (2.5. 28)
C[BR, Off] = lim ~— €[N By, @]

where Eq)g, denotes the asymptotic intensity of the stationary random measure €[—, ®No].
Hence

C(I)R vol [BR/Q]

1
Rm™

1

vol[Bj )

abgﬁ = Q[BR/zy‘bf] = qBR/27‘I’f]-

Corollary 2.5.10 shows that
lim Q:QDN_@@“_C (a),

N—oo
a.s. and L2,

Proof of Theorem 2.5.9. We follow the strategy in [62]. We split the proof of Theorem
2.5.9 into several conceptually distinct parts.

1. The key estimate. The following technical result will play a key role.

Lemma 2.5.11. Fiz a box B = Bfo/z(()) = [—r0/2,70/2]™, 1m0 € (0,1). Then the following
hold.
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(i) For any £ € Ng and any p > m there exists C = C(p,m,£,a) > 0, independent of
R, such that, VR > 2

H Kf - K, HCZ(RB) <CR™"

(ii) For any £ € Ny and any p > m there exists C = C(p,m,£,a) > 0, independent of
R, such that, VR > 2, Vx,y € RB
C

(1+|w—y[oo)p‘

| D'KE(x—y)| <

Proof. (i) Denote by T,-K, the translate
T i Ka(x) = K (z — Rk).
We have

Ki(x) - Kyz)= )  TKo(z).
kezm\0

Now observe that VR > 0, V& € RB, and any kezm \ 0 we have

| — Rk | > N|k|—[=], > R(|k[,—r0/2).
Since K4 and all its derivatives are Schwartz functions we deduce that for any p > m, and
any k€ Z™\ 0

17

riEa HCZ(NB) < C(p,m,l,a)R7P(| k o —10/2) "

The last expression is well defined since r < 1 < ‘ k !OO for any kezm \ 0. Hence
R — n —-p
HKa _KCchv(Z(NB)SC(]%mv&a)R P Z (‘k’OO_TO/2)
kezm\0
The above series is convergent since p > m.

(ii) Note that Va,y € RB we have ‘a: —y ‘OO < Rrg. Set z := x —y. We discuss only the
case £ = 0. The general case can be reduced to this case by taking partial derivatives.

Using (i) we deduce that

C =sup sup ‘Kf(z)‘<oo
R ‘Z‘OO<T0

and thus, VR > 2, V|Z‘Oo <o,

C(1+T0)p
KE(z 7
K@ < TR

Assume now that ’ z ‘OO > rg. We have
Kl (z)=Kui(z)+ > TKa(z),
kezm\0
and thus,

|Kf(2)] < [Ka(2) [+ D |TppKa(2) |
kezm\0
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Since K 4(x) is Schwartz we deduce that there exists a constant C' = C(p, a) such that

C
ey & 2

Eezm\0

1+\z—Rk\ )’

We have ’z ‘Oo < Rry and

e zi] 2 e (P 1) 5] (L)), 1)

Thus

Z —1RE‘ )pg}z\;” Z (:O}E‘oo_l)_p'

kezm\0 (1 + ‘ Z kezm\0

<oo

2. An integral formula. Set
B =By 5(0), fr(z):= f(z/R),

ZRf] = Cf, F] = €lfr, @), Z[f] = €[f, ®d).
Denote by pf the Kac-Rice density of V@f and by p, the Kac-Rice density of V®,; see
(2.2.10). Since both ®f and ®, are stationary random functions we deduce that both p% and
pa are constant functions.

The covariance functions K¥(z) and K,(z) are even, so the odd order derivatives of
these functions vanish at 0. This implies that the Gaussian vectors Hessgr(0) and Vaok(o0)
are independent. A similar phenomenon is true for ®,. Thus, the conditional expectations
in the Kac-Rice formula are usual expectations. Using Lemma 1.1.27 and Lemma 2.5.11(i)
we deduce that for any € R™

seup\pa — pa(@) | = | pF(0) = pa(0) | = O(R™), (2.5.29)
X

where O(R™°) is short-hand for O(R™?), Vp > 0 as R — co. We deduce that

R‘m(E[ZRUH<—E[ZUH):=R—m fR()( 2(0) = pa(0) ) da =

= /Bf(y)(pf(o) —a(0))dy = O(R™>).
We need to introduce some additional notation.
o DX =d,.
e For any R € (0, 00] we define
f & R™ x R™ - R,
oz, y) = 0 (x) + Oi(y), B(@.y) = Pa(@) + a(y),
¢f .= ¢, Ef’f], ﬁR(:c, y) := Hessgp(z,y), Hg(x):= Hessgr(x).
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e Choose an independent copy W of ®& and for R € (0, 0] set
oF(x,y) := B () + U (y), Hr(z,y) = Hessz(w,y),
¢l = ¢[—, dN].
e For R € (0,00) define
fRDR™xR™ =R, fR(2,y) = fr(z)fr(y)

and set. ||f]| = || fllcogar)
e Set
X=R"xR"\A={(z,y) eR"xR™; x#y}.

Observe that the random function on <T>R(:B,y) is stationary with respect to the action of
R?™ on itself by translation, while ®% is stationary with respect to the diagonal action by
translations of R™ on R x R™,

Ty(x,y) = (’U —i—w,v—i—y), Vv, z,y € R™.
We have
CRIxfR] = > fr(@) fry) = Z01 117 = 2" ().
Ve (x)=Vei(y)=0,
z#yY
Bulinskaya’s lemma implies that
]P’[Ela: : VO4(x) = VP,(x) = 0} =0
and we deduce .
CH I fi%] = > fr(z) fr(Y)

VoL (z)=V V¥ (y)=0,
TAY

= Z fR(w)fR(y) = Q:[fa @f]]@:[f, qu]? a.s..
VoL (x)=VUE(y)=0
Hence
E[clf, oFjelf, vF | =E[¢[f,0F]] - E[e[f, vl]] = E[ ¢[f, ®f] )’
so that
E[&R[Ief5]] —E[CP[Ixf5?] = E[ 2R [f]?] - E[ 2%[f])* ~E[ 2" [f?]]

~~

=Var [ZR[f]]
We have seen that
lim R-™E[Z[f)]] = Cm(a) [ f*(z)dz

R—o0 Rm
so we have to show that

I(R) :=E[CR[Ix 5] ~E[CR[Ixf5}]] ~ cR™™ as R — oo (2.5.30)
for some constant ¢ € R.

According to Corollary 2.4.24, there exists Ry > 0 such that for R > Ry, the gradient
V@f is 2-ample and ®p is Ji-ample so, for R > Ry the gradient V@R(w, y) is nondegenerate
for any x # y and the random vector (@f(a)), V@f) is nondegenerate for any € R"”. As
shown in Example 1.2.35 this is true also for R = oo, where we recall that ®° = .
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We can apply the Kac-Rice formula and we deduce that for any R > Ry we have
E[ ¢RI f7Y]
- /R i \AE[ | det Hp(z,y)| |[VO (2, y) = 0]Pgan(my (0[5 (2, y)A[dedy]. (2.5.31)
myRm

:ﬁR(mvy)

The gradient V&)R(x, y) is nondegenerate for any x, y and invoking Kac-Rice again we obtain
E[eR[Ix (7]
:/R . \AE“detﬁR(%ZJ)\ ’VE)R(%?J) = O]pvq)R (@) ( ) FR2 (2, y)A [dzdy]. (2.5.32)
myRm

:ﬁR (sc,y)

The function pr(x,vy) is independent of x,y since the random function R is stationary.
Thus

1) = [ (Pa(e.w) . ) fule)fuw) A dwdy]
(2.5.33)
- /wl, yISFro/2 (Pr(z.y) = Pr(x.y) ) fr(®) fr(y) A dzdy |.

Let us observe that for any ® # y we have
A (Pr(@,y) = Pr(@.y)) = (Poo(@, ) = Poo(@,Y))-

Moreover

lim fr(x) = f(0)

R—o00
uniformly on compacts.

3.0ff-diagonal behavior. Note that

- Var | Hr(x) 0
Var [ Hr(z,y) | = [ | ()R | Var [ Hr(y) |

For every z € R™ we set
= > |0°K{(2)
o] <4

Lemma 2.5.11(ii) shows that for every p > 0 there exists C), = Cp(a, m,r) > 0 such that, VR,
V‘ z ‘OO < Nr

VN, V|z|_ < Rro, Tr(z) <Cp(1+|2]_)" (2.5.34)
We want to emphasize that C), is independent of R.

Observe next that

~ Var [ VOE(z 0
is independent of  and y.
Var [ VO£ (x) ] Cov [ VO (), VOL(y)]

Var [ Vo (z,y)] =
Cov [VOLE(y), VoLl (z)] Var [ Vol(y) |
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0 Cov [V‘I)f(w), V(I)aR(’y)]

)] 0
€

= Var [V%R(w,y)] +
Cov [VOE(y), VOl (2

= @(mvy)
Hence
| Var [V@R(ac,y)] Var [VCI)R (z,y) ] H = |E&(z, y)|lop = O(Tr(z —y)), (2.5.35)
where || — ||op denotes the operator norm. Above and in the sequel, the constant implied by

the Landau symbol O is independent of R as long as x,y € RB. In particular

Var [V@R(as,y)]fl = ( Var [VéR(w,y)] + Sg(w,y) >_1

B (2.5.36)

= Var [V&JR(:B, y)]_1 < 1+ Var [V@R(a:,y) ] _lgg(w,y))
We have shown in (2.3.20) that there exists an explicit positive constant d,, such that
Var [V@a(m)] =dmnly, V.
Then Var [ VO®Z(z) | = Var [ VOL(0) ], V& € R™ and
Var [VOF(0)] = dp 1y + O(R™).
The variance Var [V%R(m, y)} is independent of  and y and
Var [ V&#(z,y) | = Var [VOE(0)] @ Var [VOE(0)] = dinlam + O(R™).  (2.5.37)

From (2.5.36) and (2.5.37) we conclude that there exists Cy > 0, independent of R > Ry,
such that

~ _ 1
| Var [ V&R (z,4) ] €&(2, y)|lop < 5 VoY € RB, |z -yl > Gy,
and thus
| Var [V@R(m,y)}_l — Var [V&)R(m,y)}_l Hop

(2.5.38)
= O(TR(:U _y))7 Va,y € RB, ’w - y‘oo > .

Note that since ®f is stationary, Var [HR(m, y)] is independent of x and y.

- Var | Hg(x) | Cov [Hp(x), Hr(y) |
Var [ Hp(z,y) | =
Cov [HR(y),HR(QU)] Var [HR('!J)]
_ 0 Cov [HR(w),HR(y)]
= Var [ Hg(z,y) ] + :
Cov [HR(y),HR(w)] 0
=&f (z.y)

We deduce
| Var [ Hp(,y) | = Var [ Hr(z,y)] ||, = 1€ (@, 9)]op = O(Tr(z —y)).  (2.5.39)
We denote by H r(x,y)’ the Gaussian random matrix
Hp(x,y)" = Hr(x.y) — E[ H(@.y) | VOTi(z.y)].
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We define H r(x,y)’ similarly
Hp(z,y) = Hr(z,y) — E[ Hp(z,y) | VOi(z,y)].

The distributions of H R(a:,y)" and H R(az,y)b are determined by the Gaussian regression
formula (1.1.18).

‘We have

R R Cov [HR(:L'), Vfbf(:c)] Cov [HR(zc), V@f(y)]
Cov [HR(w,y),VtIDR(w,y)] =

Cov [ Hr(y), VO (x)] Cov[Hr(y), VOE(y)]
Cov [ Hg(0), V®E(0)]  Cov [ Hp(x), VOL(y)] ]

Cov [ Hr(y), V@ (x)] Cov[Hg(0),V@L(0)]

The covariance Cov [ Hg(0), V@F(0) ] involves only third order partial derivatives of K2 at
0, and these are all trivial since K2 is an even function. Hence

) ) 0 Cov [HR(w)vv(I)f(y)]
Cov [ Hp(z,y), VO (x,y)] =
Cov [ Hr(y), V& (z) ] 0
Similarly
) . Cov [ Hp(z), VoL (z)] 0
Cov [ Hr(z,y), Vo' (z,y) | = -
0 Cov [ Hr(y), VOL(y)]

Lemma 2.5.11(ii) implies that
| Cov [ Hr(z,y), Vo (@, )] ||,, = O(Tr(z —y)),
| Cov [ Hr(@,y), VO (z,y)] ||, = O(Ta(x —y)).
Since Var [ V&N (z,y)] and we deduce from the regression formula (1.1.18) that
Var [ Hp(z,y) ] = Var [ Hp(z,y)" ] + O(Tr(z —y)),
Var [ Hp(z,y) | = Var [ Hp(z,y)"] + O(Tr(z —y)).
The regression formula (1.1.18) shows that
Var [ Hp(z,y)"] = Var [ Hr(z,y) ]
— Cov [ Hp(w,y), V& (x,y) | Var [VOR(x,y)] ' Cov V&' (z,y), Hr(z,y)].
= Var [Hp(x,y)" ] + O(Tr(z —y))
— Cov [ Hr(z,y), V&' (x,y) ] Var [ VR (@, y) | ' Cov [VOR(a,y), HR(w,y) ]

Since Cov [ﬁR(m,y),V(fR(m,y)] = O(Tr(x — y)) we deduce from (2.5.37) and (2.5.38)
that there exists C7 > 0, independent of R > Ry, such that

Cov [ Hp(z,y), VO (2,y)] Var [VOE(z,y)] ™' Cov [VEl(x,y), Hr(z,y)]
= O(TR(fB,’y)), Vw,’y € RB7 |.’l3 - y’oo > Cla
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and thus
H Var [ﬁR(w,y)b] — Var [ﬁR(m,y)b] Hop
= O(TR(a: ) ), Va,y € RB, | — Y| > Co = max(Cp, C1).
Since Var [ﬁR(m,y)] = Var [ Hp(0) | @ Var [ Hz(0) ] we deduce from Lemma 2.5.11(i) that
there exists po > 0 such that
Var [fIR(a:,y)b] > 1pl, YR > Ry.
Note also that (2.5.35) implies that there exists C3 > 0, independent of R > Ry, such that
sup | Var [ﬁR(fan)b ] HOp =0(1)

xz,YyeRB
|z —y|oo>C3

Lemma 1.1.27 implies that
(E[ |det Hp(x,y)"|] — E[|det Hr(z,y)"|] \ = O(Tr(z —y)'/?). (2.5.40)
Using (2.5.38) we deduce that there exists Cy > 0, independent of R > Ry, such that
‘pV<f>R(a:,y) (0) - pv@R(%y) (O) ‘

_ 1

= 2n) /2‘ det Var [VER(az,y)]_l — det Var | V(IJNR(w,y)]_l ) (2.5.41)
T m
= O(IR(fB - y)), Ve,y € RB, |r — Y| > Cy.

We can now estimate the right-hand-side of (2.5.33). For any «,y € RB

O(Tr(z—1y)) (25:34) O(|w—y‘;p/2), Vp > 0.

Using (2.5.38), (2.5.39), (2.5.40) and (2.5.41) that we conclude that there exists C5 > 1,
independent of R > Ry such that, for any p > m,

vwvy € RBv ‘ZB - y|oo > 057 | ﬁR(mvy) - ﬁR(m7y) } = O( | -y ’;OP/Q ) (2542)

=Ar (:l:vy)

Since the random function <I>f is stationary, we deduce that for any x,y, z € R such that
x # y we have

Ar(x + 2,y + 2) = Ap(w,y)
so pr(x,vy), pr(x,y) and Ag(x,y) depend only on y — .

4. Conclusion Assume now that x,y € RB and | — Y|~ < Cs. Denote by X the radial-
blowup of R™ x R™ along the diagonal. It is diffeomorphic to the product R™ x S™~! x [0, 00).

Choose new orthogonal coordinates (£,7) given by

{=x+y, nzw*y@wzé(fﬁﬁ, y=%(£fn)

then
o —yl =1nl, dedy=27""d¢dn.
Note that if ,y € supp fg, then |x|, |y| < Rro/2 and thus

1 1
z,y €supp fr = [€], [n] < Sl€+nl+ 5I€ —n] < Rro. (2.5.43)
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The natural projection 7 : X =5 R™ x R™ can given the explicit description
R™ x §™71 x [0,00) 3 (&, v,7) = (§,m) = (§,7v) € R™ x R™.
Set for R € (Ry, 00] we set
wr(z,y) = & —y[" "pr(z,y).
Lemma 2.5.11(i) implies that for any C' > 0

sup sup | v < o0
Re(Ro,o0]

We deduce from Proposition 2.4.1 and Lemma 2.5.11 that

sup sup |wR(33,y) ‘ < 0. (2.5.44)
Re(Rg,0] x,YyERB
0<|z—y|<Cs

It is easy to see that pr o m admits a continuous extension to the blow-up. Using (2.5.42)
and (2.5.44) we deduce that for any p > 0 there exists a constant K, > 0, independent of R,
such that
|z — y]mfl‘ Agr(x,y) ‘ < Kp( 1+ |z —y| )_p+m_1, Va,y € RB (2.5.45)
Set
5R(§> 77) = AR( 7T(§, 77) )
Since Ag(«,y) depends only on y — x we deduce that dr(§,n) is independent of . We have

— X2 _ X2
= /XAR(m,y)fR (z, y)dzdy _/x|,y§Rro/2 Ar(®,y) fr" (@, y)dzdy

(2.5.43) 1

22m |€|<Rro,
lv|=1,7r€(0,Rro)

(& =2RC(, dr(&,rv) = dr(0,1rv))

rm’léR(g,ru)fR( Strv )fR( == )dT volgm-1[dv]d§

= R P 1 TV
= <2> /C<r0/2 /|,6R1 5R(0 TV)f(C"i‘ﬁ)f(C—ﬁ>drvolsm71[dy] dc¢ .
=:J(R)
Note that

0r(0.10) = Pilrv /2, —1v/2) — Pr(rv /2, ~rv)2)
and for r > 0, |v| =1 fixed
B}im Sr(0,7) = 000 (0,71) = Poc ()2, =11 /2) = Poc(1v/2, =11 /2).
—00

We deduce from (2.5.43) and (2.5.44) that for any p > 0 there exists K, > 0 such that for
any R > Ry , |¢| <19/2, [v| =1 and r < Rry we have

‘rm_léR(O,ru)f(CJr—)f(C——)‘<K A2 (14 7) P

The constraint » < Rr¢ is not really necessary since, according to (2.5.43) the left-hand side
of the above inequality vanishes if r > Ry, |¢| < r¢/2 and |v| = 1. For p > m we have

/|C|< /2 </(U gm—1 (1 + r)—P+m_1d7« volgm—1 [dy) d¢ < oo.
xTo ,00X S™M—
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The dominated convergence theorem implies that J(R) has a finite limit as R — oco. More
precisely

lim J(R) = /|<< p (/u:l T’m1500(0,7’1/)f(C)2d7“V015m1[d1/]> dc.

R—o00
r>0

This concludes the proof of Theorem 2.5.9. O






Chapter 3

Central limit theorems

3.1. Gaussian Hilbert spaces

3.1.1. Basic definitions and examples.

Definition 3.1.1. A Gaussian linear space is a real vector space X consisting of (real)
Gaussian random variables defined on the same probability space (£2,8,P). If the vector
space X is closed in L?(€2,8,P), then we say that X is a Gaussian Hilbert space. O

Example 3.1.2. Suppose that X is a Fréchet space with dual X* and I' is a Gaussian
measure on X. Then the map

Ev: X x X* >R, Ev,(§) =¢(x)
is a centered Gaussian process parametrized by X™*. The associated Gaussian Hilbert space

X3 is the closure in L?(X,T) of the range the tautological map Ty : X* — L2(X,I‘)
defined in (1.1.28). 0

Example 3.1.3 (The Main Example). Suppose that
X:(Q8P)xT =R, (w,t)— X,(t)
is a centered Gaussian field parameterized by the set 7. The closure in L?(£2, F,P) of the vec-

tor spaces spanned by the collection (X (t) ) is called the Gaussian Hilbert space associated
to the centered Gaussian field (Xy)ter.

teT
O

Definition 3.1.4. An isonormal Gaussian process is a triplet (H, X, W), where X is a Gauss-
ian Hilbert space, H is a Hilbert space and W : H — X is an isomorphism of Hilbert spaces.
The map W is called the white noise map of the isonormal process. O

Remark 3.1.5. If (H, X, W) is an isonormal Gaussian process, then the collection (W (k) )
is a centered Gaussian process parametrized by H. Its covariance kernel is

K:HxH—R, K(hi,ho) = (h1,h2),,, Vhi,hs € H.

heH

H?

177
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Conversely, given a Hilbert space we can use Kolmogorv’s existence theorem to conclude that
there exist Gaussian processes W on H with the above covariance kernel. We denote by X
the Gaussian Hilbert space associated to this process as in Example 3.1.3 . Then the induced
map W : H — X is linear. Indeed, for any h,h' € H

E[ (W (h+h)=W(h)=W(H))(W(h+h')—W(h)—W(H'))] =o.

This proves that the resulting triplet (H, W, X) is an isonormal Gaussian process. O

Example 3.1.6. To a separable Gaussian space X we can non-canonically associate many
isonormal processes. Note first that there is a tautological one (X, X, 1).

A complete orthonormal basis (X,,)nen determines a Hilbert space isomorphism
Fourier : o — X, {3 3 ¢ = (¢p)nen — Fourier (g) = Z cnXn.

neN
O

Example 3.1.7. Let us analyze a special case of the gaussian space described in Example
3.1.2.

Suppose that H is a separable, real Hilbert space with inner product (—, —)g, and T is
a centered Gaussian measure on H; see Definition 1.1.47.

For any h € H, the linear functional Ly : H — R, Lp(x) = (h,z)qy, is a centered
Gaussian random variable. In particular, the collection (Lp)nep is a Gaussian random field
parameterized by H. We denote by C(hi, h2) the covariance of Ly, Lp,,

C(h1, h2) = E[ Ly, Ly, .

This defines an inner product on H*, the topological dual of H. As explained in [39], there
exists a symmetric, nonnegative trace class operator Q) : H — H such that

C(hl, hz) = (th, ho )H’ Vhi,hy € H.
Assume for simplicity that ker @ = 0.

To this Gaussian measure we can associate the Gaussian Hilbert space Hy. defined as the
closure in L2(H,T') of the vector space spanned by (Lj)ser. One could think of the elements
of Hy as measurable linear functionals H — R.

Note that we have a continuous map with dense image
L:H — Hy, h— Ly. (3.1.1)

The Hilbert space Hy. is canonically isomorphic with H as a Hilbert space. To construct this
isomorphism consider the dense subspace Q/2H and the map

W:QY?H - L*(H,T), QV?H>z—W, := Lg-1/2,-
Clearly the image of W is equal to the image of the map L in (3.1.1). Observe that
E[Wme] = (21,22)H, V21,22 € Q_1/2H.

This shows that the map W extends by continuity to an isometry W : H — Hp.. This isomor-
phism of Hilbert spaces is called the white noise map. Observe that the triplet (H, Hf, W)
is an isonormal Gaussian process.
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The subspace QY2H C H is the Cameron-Martin space defined in (1.1.34). If we identify
H with its topological dual we observe that H* = H C Hp then Q'Y?H can be identified
with the Cameron-Martin space of the Gaussian process (Ly); see Appendix B.5.

We fix an orthonormal (ej)ren (complete) basis of H consisting of eigenvectors of @,
Qe, = Apen, n €N,

The collection of linear functionals

1
We, = 7)%[/6”, neN
is an orthonormal basis of the associated Gaussian Hilbert space Hfy. |

Definition 3.1.8. Suppose that X C L?(Q2,8,P) is a Gaussian Hilbert space. We denote
by 8x the o-subalgebra of 8§ generated by the collection of random variables X € X and we
define

F(X) = L*(Q,8%,P) C L*(Q,8,P).
For reasons that will become clear a bit later, we will refer to F(X) as the Wiener chaos of
Xx. O

Example 3.1.9. Suppose that T" is a compact metric space and I' is a Gaussian measure on
the Banach space X = C(T"). We have a Gaussian stochastic process
X:(X,Bx,D)xT =R, X xT53(ft)— Xs(t):=Evy(f) = f(t).

The Gaussian Hilbert space X determined by this process is the closure in L? ( X,Bx, I‘) of

the subspace spanned by X (t), t € T. Blackwell’s theorem implies that the sigma-algebra
generated by ( Ev, ) coincides with the Borel sigma-algebra Bx and thus

F(X)=L*(X,Bx.T).

teT

O

3.1.2. Hermite decompositions. To understand what happens when we pass from a
Gaussian Hilbert space X to its Wiener chaos F(X) we consider first the simplest possible
case, dim X = 1.

Example 3.1.10 (Hermite polynomials). Consider the standard Gaussian measure P = T°
on ) =R,

T[dr] :\/127769622)\[@5].

As explained in Example 3.1.2, this tautologically defines a one-dimensional Gaussian Hilbert
space X1 spanned by the identity function 1r : R — R.

In this case 8 = 8x, is the o-algebra Br of the Borel subsets of R and 8y, = Bg.
Moreover, we have an isomorphism
L*(R,T) - F(%1), L*(R,T)> F+ Folg.
We see that the Wiener chaos F(X1) is much larger than X;.

A convenient complete orthogonal basis of F(X1) = L?(R,T) is given by the Hermite
polynomials (Hy)n>o0, 94, V.1.3].
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To define these polynomials we introduce the creation operator 6, : C*°(R) — C*°(R),

5of(2) = —eT 0y(e™F f(2)) = —0uf(x) + f(2). (3.1.2)

The creation operator is the formal adjoint with respect to the inner product in L*(R,T') of
the annihilation operator, namely the usual differential operator 9. More precisely,

/f r[dr] /f bag(@)T[dr], Y/, g € CZ(R).

The above equality is a direct consequence of the Gaussian integration-by-parts formula
(1.1.5).

The n-th Hermite polynomial is defined by
H,(z)=4]1. (3.1.3)
Let us observe that the operators 0,, §, satisfy the Heisenberg identity
[0, 0] = 030, — 0,0, = 1.

Using this iteratively we deduce

O0rHy(x) =nHy—1(x), Vn €N, (3.1.4a)
8.0:Hp(x) = —H)!(z) + xH],(z) = nHy,(z), Vn € N. (3.1.4b)
(e ) = (“1)" Ha(a)e % (3.1.4c)
From the defining equation (3.1.3) we deduce
Ho(w) = 6, Hy 1(z) = —H},_(z) + 2Ho 1(2) "2 —(n = 1) Ho s(2) + 2H, 1 (2),

we thus we obtain the three-term recurrence relations
Hyi1(z) = 6, Hy(z) = —H) () + xHy(x), Vn > 0. (3.1.5a)
H,(x)=xH,—1(x) — (n— 1)Hp—2o(x), Vn >2. (3.1.5b)

For example,
Ho(z) =1, Hi(z) =z, Hy(z)=2?—-1, Hz(z)=2>— 3z,
Hy(x) = 2% —62° +3, Hs(z)=2" 10234 152, Hg(x) = 2% — 1521 + 4522 — 15.
Using the equalities H] = nH,,_1 and H,(0) = —(n — 1)H,—2(0) we deduce inductively that
—1)

( =
—nl n—ar 1.
" ; 2rrl(n — 27“)!:6 (3:1.6)

Observe that the leading coefficient of Hy(z) is 1. We have

|Hp(2)| < zn: <:L) || (;)mﬂ - (\}Q + m)n, Vo € R. (3.1.7)

m=0
From the equalities (3.1.3) and (3.1.4a) we deduce that the collection (H,,),>¢ is orthogonal
in L?(R,T),

/H )T [dz] = dpmn!. (3.1.8)
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In particular,
/Hm(x)l"[dx] = / Hp(z)Ho(z)T[dz] =0, Vm > 0. (3.1.9)
R R

Proposition 1.1.3 shows that the collection (H,),>0 spans a dense subspace in L?(R,T).
Hence, any f € L?(R,T') admits a Fourier-Hermite decomposition

f= Y enlO)Hala), el = [ @)t @ [dz].

n>0
Let us point out that if g € C°°(R) has the property that
g® e L*R,T), Yk >0,
then we have the following expansion in L?(R,T)

glx) =Y %Er [¢™ ] H, (), (3.1.10)

n>0
where [E,, denotes the expectation with respect to the probability measure I'. If in the above
equality we choose
9(x) = gi(x) = 777,
then, for any ¢t € R, we have

d" 2 ) N
(@) =TT, Eplg"] =t / T [de] 27 .
v R
This proves that
" tx—ﬁ

n>0
where the above series converges in L?(R,T) for any ¢t € C. The estimates (3.1.7) show that
the above series also converges uniformly for (x,t) on the compacts of R x C. O

Remark 3.1.11. There is no consensus in the existing literature on the canonical definition
of Hermite polynomials since many authors use different normalizations as canonical. To help
the reader navigate these “canonical” choices we want to describe a one-parameter family of
“canonical” Hermite polynomials that contains most these choices. Our presentation follows
closely [84, Sec. 9.3] to which we refer for proofs and more details.

For each p > 0 and = € R we set

mn x2

Hy(alp) = (—p)" e 5.
The function H,(z|p) is a degree n polynomial in z called the nth Hermite polynomial with
parameter p.

The exponential generating function of the sequence (Hn(x, ) )n>0 is

1
Hp(t,x) o= 730" = N = i, (x| p)t". (3.1.12)
n.

n>0
Thus H,(x) = H,(z|p = 1). Moreover,

H,(x|p) = p”/2Hn(a§p—§ ). (3.1.13)
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In particular this shows that the leading coefficient of H,,(x|p) is 1 for any p. Using (3.1.4a)
we deduce

0. Hy(z]p) = nHp—1(z|p). (3.1.14)
Note that )
t 1
OpHy(t,x) = —5Hp(t,a:) = —iang(t,x).

Thus the polynomials H,,(z|p) satisfy the backwards heat equation
1
(8p+§a§)ﬂn(x\p) —0, ¥n>0. (3.1.15)

Using (3.1.12), (3.1.15) and It6’s formula one can show that if B(¢) is a one-dimensional
Brownian motion started at 0, then, for any t > 0,

H,1(B(@) |t) :/0 H,(B(s)|s)dB(s). (3.1.16)

For details we refer to [97, Sec 2.7]. O

Suppose that X C L?(Q,8,P) is a separable Gaussian Hilbert space. Fix a complete
orthonormal base (X,),>1 of X. In particular, we have

E[Xin] = 0;; = the Kronecker 4,

and thus the random variables (X,,),>1 are independent. Additionally, the o-algebra gener-
ated by the collection (X,,) coincides with the o-algebra Sx.

Consider the space RN of real sequences z = (z1,2,...) equipped with the product

measure
= Q)T [dz, ],
neN

defined on the Borel o-algebra BN of the space RN equipped with the product topology.

For n € N we denote by 7, the natural projection
RY 5 R, 2z~ (x1,...,2,)
and we set B,, := 7,1 ( Brn ) Then

BN = \/ B,,.
neN

The L2-martingale convergence theorem implies! that the union of the subspaces
L*(RN,B,,TV), neN,
is a dense subspace of LQ(RN, BN I‘N).
We have a natural map
X:Q-RY, we (Xl(w),Xg(w), e )
Then
8x = 0(X1, Xa,...,) = X 1(BY),

LOne could use the Monotone Class Theorem to reach the same conclusion, but the details would fill-up more
space.
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and X#(P) = TN, Moreover (see [35, Cor.I1.4.5]), a function f: Q — R is Sx-measurable if
and only if there exists a BY-measurable function F : RN — R, such that

f(w) =F(X1(w), Xo(w),...), Vwe Q.
Additionally, f € F(X) iff F € L>(RY, TY) and

/ f(w)?P[dw] = / F(z)’TN[dz].
Q RN
This yields an isomorphism of Hilbert spaces
F(X) = L*(Q,8%,P) — L*(RY,TV).
We can construct an orthonormal basis of L2(RN, ') as follows. For any multi-index
a=(a1,q9,...) € N
such the aj = 0 for all k sufficiently large, we consider the multi-variable polynomial

H,(z) := H He, (21), == (21,79,...) € RY.
keN

The collection H,, thus obtained is a complete orthogonal basis of L*(RN,T'N) and (3.1.8)
shows that

(0.9}
2
H H, HLQ(RNIN) =al:= H ayl. (3.1.17)
k=1
3.1.3. Wick’s formula. Suppose that X1,..., X, are jointly Gaussian, centered real ran-
dom variables, i.e., the real random vector X = (Xi,...,X,,) is centered Gaussian. Wick’s

formula provides an explicit description of the expectation E[Xl x ~Xn} in terms of the
variance operator Var [X } of the Gaussian vector X.

Let us first observe that
(—1)”E[X1---Xn] ZE[(—X1)---(—Xn)] ZE[X1-~Xn],
where the second equality is due to the symmetry of distribution Px of X, i.e., for any Borel
subset B of R™
P[{X € —B}] :IP’[{X € B}]

In particular, this shows that

E[Xi-- - X,] =0 if nis odd. (3.1.18)
To explain how to compute the expectation [E [ X1 X, ] in terms of the covariances E [ X X ]
we need a bit of combinatorial terminology.

Let V' be a finite set. A Feynman diagram on V is a graph with vertex set V' such that
any vertex is connected to at most one other vertex. In other words, a Feynman diagram is
a partial matching of the vertices in V. We denote Feyn(V') the set of Feynman diagrams
with vertex set V.

Given I' € Feyn(V) we denote by E(T") the set of edges of I" and by J(I") the set of isolated
vertices I, i.e., vertices not connected to any other vertex. The rank of a Feynman diagram
is the number of its edges, r(I") := #&(I"). We have

L4V = 2r(T) + #3(T).
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A diagram is called complete if it has no isolated vertices, J(T") = 0.
We denote by Feyn"(V) the subset of Feyn(V) consisting of diagrams of rank r. We
denote by Feyn* (V') the set of complete Feynman diagrams. We set I, := {1,...,n} and

Feyn(n) := Feyn(l,,), Feyn"(n) := Feyn"(I,,) etc.

Lemma 3.1.12.
0, n=2m-+1,

# Feyn™(n) = {(Qm -l n=2m

n!

r n * n
# Feyn"(n) = (n B 2r> X # Feyn*(2r) = (n B 2r> (2r— 1l = Fri(n =T

Proof. Only the case n = 2m is nontrivial. Here is how one generates all the complete
diagrams with 2m vertices X1,..., Xon,.

Take the vertex X; and pair it with one of the remaining (2m — 1) vertices. There are
(2m — 1) possibilities. Once X is paired, we are left with (2m — 2) vertices and there are
# Feyn, (2m — 2) complete Feynman diagrams on (2m — 2) vertices. Hence

#Feyn*(2m) = (2m — 1) x # Feyn*(2m — 2).

In general

# Feyn"(n) = Z # Feyn™ (]In\S) = ( " ) X # Feyn™(2r).

n—2r
ScCly
#S=n—2r

If we set

we deduce from (3.1.6) that

Ho(z) =) ()" Y a2 =) (~1)dp(r)a""?. (3.1.19)

=0 I'eFeyn”(n) r=0

<

Suppose we are given a jointly Gaussian family of centered random variables (X, ),ecv .
For I' € Feyn(V') we define the random variable

w(l) =w@)[(X)wev] = [ [ we)] - [ X

ece () veI(I)

where for any edge e = [vy, v2] of I we define its weight to be the covariance w(e) = E[ Xy, X,, |.
Note that if I is complete, then w(T") is deterministic, i.e., a real constant. If () denotes the
Feynman diagram with no edges, then

w(0) = H Xy.

veV
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Proposition 3.1.13 (Wick’s formula). Suppose that V is a finite set and (X,)vey is a jointly
Gaussian family of centered random variables. Then

Elw@®]= > w) (3.1.20)

I'eFeyn* (V)

Proof. We can assume that V = 1I,,, n = #V. Note that if n is odd, then the sum in the
right-hand-side of (3.1.20) is trivial. This agrees with (3.1.18)
To prove (3.1.20) we first observe that

1 n
E[X;--- X 0

nl = Hm\n:---:tn:oE[(thl +o ot Xa)" ]

Next, we observe that t1 X7 + - -+ + ¢, X,, is a centered Gaussian variable with variance

n n
vty te) = D BIXiXgltit; = Y E[X71E5 +2) EIXX,tit;.
ij=1 j=1 i<j

If we let n = 2k, we deduce from (1.1.9) that

2k k
E[ (01 X1 + - + top Xop)*" | = (2k — 1)”(2 E[Xin]titj) :
ij=1
so that
2k k
2k — 1)1t 9%
E[Xy - Xox| = E[X; X |tit;
Xt Xod] = =T BBty ==t le XX, Jtity

O

Example 3.1.14. Suppose that the random variables Y7, Y5 are centered and jointly Gau-
sian. We set v; = ]E[YZ2 ], c= E[YlYg}. Applying Wick’s formula to the Gaussian vetor
X =(11,Y1,Y,Y3) we deduce
E[Y?Y2 ] = 3vic.
Similarly
E[Y?YF ] = vivg + 2%
g

3.1.4. The Wiener chaos decomposition. Fix a probability space (€2,8,P) and a sepa-
rable Gaussian Hilbert space X C L?(2,8,P). We want to describe a coordinate independent
orthogonal decomposition of the Wiener chaos F(X) that is closely related to the coordinate
dependent Hermite decomposition described in Subsection 3.1.2.

Proposition 3.1.15. The vector space

SpanR{fl"'&n; nGN, élaagnei{}
is dense in F(X) = L*(Q, 8%, P).
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Proof. Fix a complete orthonormal basis X1, Xo,..., X,,... of X. I will prove that
Pe = span(c{Xf‘1 e Xy o neNy) ag,...,an €N }
is dense in F(X)c = F(X) @ ¢F(X). I follow the approach in [76, Thm.2.6].
Denote by Pc the closure of P in F(X)c. We will prove prove that F(X)c C Pe. Set

Vn = Span{XlaX% s 7Xn’ }’ V= U vn

n>1

The result follows from the following two facts.

A. X € F(X)c = F(X) +iF(X) for any X € X.
Proof. Let X € X. Then
00 Lk
iX _ vk
=3 X
k=0
where the above series converges in L?(€,8,P). This proves that X € F(¥)c.

B.If Z € F(X)c and E[ Ze** | =0, VX €V, then Z = 0.

Proof. We set
ffn = O'(Xl,XQ, e ,Xn),
so we get a filtration of o-algebras F1 C Fo C - -+ such that

Sx=\/ Fn. (3.1.21)
n=1

Suppose that Z € F(X)¢ and E[ Ze*X | =0, VX € X. We set
Zn =E[Z]F,].

The definition of conditional expectation implies that

E[Z,etX] =0, VX € V,.
Now observe that since Z,, € L?(€2, F,,,P) we have

Zn(@) = G X1 (@), .., Xn(w))
for some ¢ € L?(R",T"). We deduce that
E[on(X1,..., Xp)et Xt 4inXn ] — 0wty 4, € R
In other words, the Fourier transform of the complex valued measure
on(x1,. .. ,:Un)l"[dxl] ---I‘n[d:rn]

is trivial so that ¢,, = 0. Hence Z,, =0, Vn € N, i.e.,

E[Z]F,] =0, VneN.
Using (3.1.21), we deduce from the Martingale Convergence Theorem

Z=E[Z]82] = lim E[Z|F,] =0.
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For n € Ny we define P, (X) to be the closure in F(X) of the subspace

{p(&,...,&m); m >0, &,....6m €X, peER[xy,...,zn], degp < n}
Proposition 3.1.15 shows that the vector space
PX) = | Pu(®),
n>0

is dense in F(X). Clearly P,_1(X) C P,(X). We denote by X™ the orthogonal complement
of Pp—1(X) in P, (X). We deduce that

F(x) = x™, (3.1.22)
n>0
where the direct sum in the right-hand-side indicates a Hilbert-complete direct sum, i.e.,
€@P XM= = (Enzo, & €X™, D [I€nll7 < 0.
n>0 n>0

The decomposition (3.1.22) is called the Wiener chaos decomposition of F(X). We will denote
by Proj,, the orthogonal projection F(X) — X™. Note that

X% = span{1}
SO
vn>0, VF e X™, E[F|]=E[F-1]=0.

Example 3.1.16. Suppose that X is the 1-dimensional Gaussian Hilbert space generated by
a standard Gaussian random variable £ with mean 0 and variance 1. In this case

Pn(X) = spang { Hi(&); k<n}.
Since E[H;(§)Hy(§)] = 0 for j # k, we deduce that
X™ = span { Hy (&) }.
Moreover, (3.1.10) implies that, Vn > 0 we have
[n/2]

e=y (Z)E[f"’f]ﬂk@) -y (Z)E[z:?j]ﬂn—aj(ﬁ) (3.1.23)

k=0 §=0

[n/2]
(1.1.9) . n
— ]EZO (2] — 1)” <2j> Hn_gj(f).

In particular,
Proj,, (§") = Hp (). (3.1.24)
If X is a separable Gaussian Hilbert space and X = (X,,),>1 is a complete orthonormal

basis of X, then the computations at the end of Subsection 3.1.2 show that the collection
Hy(X1,...,Xm), m € N, o € NJ', is an orthogonal basis of F(X) O
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3.1.5. Wick products and the diagram formula. Fix a probability space (£2,8,P) and
a separable real Gaussian Hilbert space X C L?(Q2,8,P). Denote by F(X) the Wiener chaos
of X, and consider the Wiener chaos decomposition

F(x) = xm.
n>0
We have bilinear maps
[ LTI LN %:(m—‘rn):, o S LN (57,,7) N 5. n = Pro.]m—i—n(ﬁ”)

Remark 3.1.17. If X = (Xj)r>1 is a complete orthonormal basis of X, and «, 8 € Ny are
such that || = m, |B| = n, then

Ho(X) o Hy(X) = Ho(X). (3.1.25)
Indeed,

Ho(X) 8 Hy(X) = Y ey H,(X).
lyl=m

Now observe that for any multi-index « such that |y| = m + n, and v # « + 8 the coefficient
of X**# in H,(X) is 0, while the coefficient of X*# in H,, 5(X) is 1. O

Definition 3.1.18. Fix a polynomial P € R[xy,...,z,] of degree m. For any &1,...,&, € X,
the random variable Proj,, P(&1---&,) € X is called the Wick polynomial associated to
P(&1,...,&,) and it is denoted by : P(&; -+ &) . O

Theorem 3.1.19. Let X be a separable Gaussian Hilber space and &1, ...,&, € X. Then

b = Y (=) Mw(D), (3.1.26)
r
where the summation is over all the Feynman diagrams with vertices labelled by &1, ...,&,.

Proof. Denote by L(1,...,&,) the left-hand-side of (3.1.26) and by R(&1,...,&,) its right-
hand side. Observe that both L and R are symmetric, multi-linear forms in the variables
&1, ..., &, and thus

L(&,....&) = R(&1, ..., &), Y&,....&<=L(& ..., )=R(&....,£), YE€X, Var[£] =1.

Let € € X such that Var [5] = 1. Then

Then
R(&...6) =1 S e g
n r20 ~v€Feyn” (n)
Hence
R(§77€):L(€7 75)
~— ——
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Corollary 3.1.20. Suppose that &1, ...,&, € X is an orthonormal system, i.e.,
Then for any o € Nj we have
DY =g 60 = Ho (&, ., ).

Proof. Set m := |a|. Since the random variables 1, ..., &, are independent, we deduce that
E[Hp(&1, - &) Hy (61, €0) ) = [ [ BIHp, () Hy, ()], V8,7 € 22,

j=1
We deduce from the orthogonality of the Hermite polynomials that the collection

(Hs(€1s-28n)) 151<m

is an orthogonal basis of P,,,(&1, . ..,&,). In particular, we have a unique linear decomposition
£ =Y cgHs(8), (3.1.27a)
[B]<m
6% =) cgHp($). (3.1.27b)
|Bl=m

For any multi-index 3 such that |3| = m, the coefficient of ¢% in the right-hand-side of
(3.1.27a) is cg. We deduce that cg = 0 for all 5 such that |3| = m and § # «. The conclusion
of Corollary 3.1.20 is now obvious. O

Corollary 3.1.21. The space
Span{:fléb”'gn 2 flr"ugn 6%}

is dense in X .
Proof. Follows from Example 3.1.16 and Corollary 3.1.20. O

Corollary 3.1.22. Suppose that X = (Xi)r>1 is a complete orthonormal basis of X. Then
the collection
Ha(&), a e NN, la| = n,

is an complete orthogonal basis of X*™.
Proof. Let &,...,&, € X. Then
61 o gn = Z CaXav X = HXS”,
nN

aeNy
la|=n

where the above series converges in L2. We deduce
2816 = Z CaHoc(X)-

a€eNg
loo|=n
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Theorem 3.1.23 (Diagram Formula). Consider an array of random variables
A={¢;eX 1<i<k, 1<j<4}.

Denote by Feyn [A] C Feyn(A) the collection of Feynman diagrams with vertices in A and
compatible with the array structure of A. This means that no edge connects vertices situ-
ated on the same row of the array A. Denote by Feyn* [A] the subcollection of Feyn [A]
consisting of complete diagrams. Fori=1,...,k we set

£;
Yi:=Proj, | [[&i ] =+ +
j=1

In other words, Y; is the Wick product of the variables situated on the i-th row. Then

E[vi--Yi]= > w(), (3.1.28a)

Yi-- Y = Z cw(l) = Z Projy_opry w(l'). (3.1.28b)
T'eFeyn [A] T'e€Feyn [fl]

Proof. I follow the approach in [76, Thm. 3.12, 3.15]. Denote by A’ the i-th row of the array
A and by Feyn*(A) the collection of all complete Feynman diagrams with vertices in the array,
not necessarily compatible with the array. I want to emphasize that Feyn* [A] C Feyn*(A).

Theorem 3.1.19 implies that

Y= 3 (U,

I';€Feyn(A?)

k

R H Z (—1)" Ty (1)

i=1 \ I';€Feyn(A?)

k

= 3 (~1) St T w(T),
(T1,...,T'y)€Feyn(AL) x -+ x Feyn(AF) =1
so that
k
B[¥i- %] = > (=g [Twtry .
(T'1,...,['x)EFeyn(AL) x -+ x Feyn(AF) =1

Given (I'y,...,Tt) € Feyn(A') x --- x Feyn(AF) we denote by Feyn*(I'1,...,T) the subcol-
lection of Feyn* (.A) consisting of diagrams that contain I'; U--- U T as a subdiagram.

We deduce from Wick’s formula (3.1.20) that

k
E [H w(Fi)] = > w(I).
=1

I"eFeyn*(T'1,...,I'k)
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Hence
E[Y;- Yi] = 3 w(I) 3 (—1)Zia (@)
I€Feyn* (T'1,...,I') (T1,...,T)EFeyn(Al) x - x Feyn(AF)
u---urgcr’
::§EF’)

For any I € Feyn*(T'y,...,I'x) we have

st =TI ¥ o™

i=1 | T;€Feyn(A?)
r,cr’

=:5;(I)

Given I" € Feyn*(A) we denote by I'" N A’ the subdiagram of I” consisting only of edges
connecting vertices on the i-th row of A. We have

S;(I) = Z (—1)r ),
I;CcIVnA®
Now observe that S;(I") = 0 if I'NA? # () and it is = 1 otherwise. Indeed, if r = r(I'NAY) > 0

then
> = 3= 3oeni(7) ~o

I;CIVNAS Scl, Jj=0

/ *
S(F’): 1, T" € Feyn [fl],
0, I'"€Feyn*(A)\Feyn* [A].

Thus

This proves (3.1.28a).

Denote by L, respectively R the left-hand-side respectively the right-hand-side of the
equality (3.1.28b). For any random variables

nl,...,nm€span{§ij eX,; 1<i<k, 1§j§€i}
we denote by A, the array obtained from A by adding an extra row consisting of the variables
My-esNm- Set Z := (:m1 -+ N :). Then (3.1.28a) applied to A, implies that we have
E[LZ] = E[RZ]<=E[(L - R)Z] = 0.
The equality (3.1.28b) now follows from Corollary 3.1.21. O

Example 3.1.24. Let us apply the diagram formula in the special case when the array
A = (&) consists of two rows of lengths ¢; < ¢ and and &; = &, Vi = 1,2,5 = 1,...,4;,
E[¢*] =1. Then

Y, = H&‘ (f)

and we deduce

lo
OO = X Honare© =3 () () Horaea )

T
TeFeyn [ A] r=0
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More generally, assume the array has two rows, but the variables on the first row are equal to
&1, while the variables on the second row are equal to &3, E[{%] = E[f%] = 1. If ¢ := E[£1&),
then

l
Hy, (§1)Hey(§2) =Y 1! <€1> (%)c Projy, g, _or(E17TERTT). (3.1.29)

-
r=0
If ¢4 = 03 = ¢, then (3.1.28a) implies that

B[y (6 Hn(e2)] = 0 )< (3.1.30

O

The equality (3.1.28b) implies? that for any positive integer n there exists a constant
C(n) > 0 such that for any X € P, (X) we have

[ X[rs < C(n)[I X 2.
In particular, this shows that the bilinear map
XM x X5 (X,Y) > X oY 1= Proj,,,,(XY) € X"

is continuous. Corollary 3.1.22 now implies that the multiplication e satisfies the associativity
property

(Eon)el=Ce(nel), VX neXx™, CeX™, Y,m,neN. (3.1.31)
Indeed, (3.1.25) shows that the above equality is true for

&n,¢ € { Ha(X); a €L, |a] <oo}.

The general case follows from the multi-linearity and continuity of (3.1.31) in &, 7, {. A similar
argument shows that

Cen=nel, VEeX™ neX™. (3.1.32)
We thus obtain a structure of commutative and associative R-algebra on X called the Wick
algebra of X. The product e is called the Wick product. Note that for &1, ...,&, € X we have

1o 08, =18 &y
In general, if

§= ng n= Zﬁn, §n> i € X,

n>0 n>0
then

Eoni=> [ D &em

n>0 \j+k=n

Example 3.1.25 (The Wick exponential). Suppose that X € X and v = Var [X] Define
the Wick exponential
1
X LXn .
et = g o X"

n>0

2See [76, Lemma 3.44] for details.
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Using (3.1.24) we deduce

(3.1.13)

C X =02 H, (v X) H,(z|v).

The equality (3.1.12) implies
s eX 1= X /2 X =g VarlX], (3.1.33)

If X,Y € X, then
( ceX )( ce¥ ) — X HY =5 (Var[X]+Var[Y])

Then
E[( CeX )( . )} :E[GXJrY]efé(Var[X]wLVar[Y])

(X +Y is centered Gaussian)

(1.1.7)

17) 1 (Var[X+Y]-Var[X]—Var[Y]) CGEIXY]

O

3.1.6. Fock spaces. We have shown that the Wiener chaos is a Hilbert space equipped
with a structure commutative and associative algebra. In this subsection we will describe a
general procedure that associates to an abstract separable Hilbert space H, a bigger space
equipped with a structure of commutative and associative algebra. This bigger space is called
the Fock space of H and plays an important role in quantum field theory, [151, Chap.3]. We
will show that the Fock space of a Gaussian Hilbert space is naturally isomorphic as a Hilbert
space and as algebra with the Wiener chaos.

The construction of the Fock spaces is based on the tensor product of two separable
Hilbert spaces Hy, Hy defined as follows.

Construct first the algebraic tensor product H; ® Ho. The universality property of the
tensor product implies that there exists a unique inner product (—, —) g, m, of H; ® Hy such
that, for any z;,y; € H;, i = 1,2, we have

(331 T2, Y1 & y2)Hl®H2 = (z1,y1) 1, - (%2, Y2) Ho-

We denote by H; ®Hy the completion of H; ® Hy with respect to the norm defined by the
above inner product. The Hilbert space H1®Hs is called the (analytic) tensor product of the
Hilbert spaces Hi, Ho.

Theorem 3.1.26. Suppose that (M, M;, iu;), i = 1,2, are two measured spaces such that the
Hilbert spaces Hj = Lz(Mj,Mjuj) are separable.®> Then there exists a unique isomorphism
of Hilbert space

H\®Hy — L*( My x Ma, 1 ® iz ),
such that

fi®fo = (il fo: My x My = R), fi & fo(x1, z2) = fi(z1) fa(x2).

3E.g.7 this happens when the sigma-algebras M; are countably generated and the measures p; are sigma-finite.
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For a proof and more details we refer to [134, Thm. II1.10], or the original source, [106].

The tensor product of two separable Hilbert spaces Hi, Ho can also be realized as the
space of Hilbert-Schmidt bilinear functionals u : H; x Hy — R. This means that for any
complete orthonormal bases (e, )m>1 of Hy and (f,)n>1 of Hy we have

S Julem fu) 2 < .

m,n>1

The tensor product of Hilbert spaces enjoys the usual commutativity and associativity
properties
H\®Hy = Hy®Hy, (Hi®H2)®H3 =~ Hi(Ha®Hs).
Given a separable Hilbert space H we denote by H®" its algebraic n-th symmetric product,
i.e., the subspace of H®™ consisting of elements fixed by the obvious action of the symmetric
group &,,. The closure of H®" in H ®n is denoted by H On and it is called the analytic n-th
symmetric power of H.

Note that we have a natural projector Sym : H®" — H®" defined by

1
Sym[z; ® -+ ® xp] = Z To(1) @+ @ To(n), VX1,...,2n € H.

" oeG,
For z1,...,z, € H we set
1
21O O @y = mSym[xl Q- Qay] = ﬁ Z To(1) @+ @ Ty(n)- (3.1.34)
n: O'EGTL
Note that
" =20 Oz =Vnlz®"
and

1227(|2 = nl]jz|?". (3.1.35)

This is a manifestation of a more general phenomenon.

Lemma 3.1.27. Ifey,...,e, is an orthonormal system in H and o = (aq,...,q,) € N
We set
=10 0O Pe, OO, =M O @ el
\___2:___/ \___EZ___/
Then
[ = [[eF™ @ -~ @ e P = al = (ar)) -+ () = [|Hal*. (3.1.36)

Proof. For any multi-index o« € N” we define an a-coloring, or a coloring of type «, to be a
map 7 : I = I, such that

#Hr W k)=, VE=1,...,n.

Think of 7 as defining a coloring of |«| objects with n colors eq, ..., e, so that exactly o
objects have color e;. We denote by P, the set a-colorings. Hence

« al!
o (ol Y _lal
Qly...,Qp aq!- - ap!
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The symmetric group &\, acts transitively on P,
Pa > xGy 2 (m0) > To0o € Py
and the stabilizer of an a-covering 7 is isomorphic to
Gq =6, XX G,,,.
To each m € P, (F) we associate the element
er 1= €x(1) ® - @ er(la)) € H®lel,

Let us observe that

|af

(em ew’) - H (eﬂ'(k)7 Er! (k) )H = Opnt, VW//T/ € Pa.
k=1

Then

n |
€®a = 7Hk:1 O?k Z €,
\Z |a| TEPq

n 2
||e®a||2 _ (Hkﬁyﬁk') <a1 ‘a‘ an) — (Oq!) - (an')

The above lemma implies* that we have continuous bilinear map

® : HO™ « O _y H@(m+n)

so that

defined by

XoY:= (”;m> Sym(X ®Y)

- <n :;Lm) Sym(Sym(X)® Sym(Y)),
VX € HO™ Y € HO™,

Proposition 3.1.28. Let ni,n9,n3 € N and X; € H®™, i =1,2,3. Then
(X10X2)0X3=X10(X20X3).

Proof. Set a = (n1,n9,n3), n =ny + ng + n3z. We can assume that
H=L*1I)=L*(I,\), I=][0,1].
Then
Xi € LP(I™) = L*(I™, X% ) = H®™,
The symmetric tensor product H®" is isomorphic as a vector space with the subspace of
symmetric functions in LQ(I i )

The symmetric group &, acts on I™ by permuting the coordinates. Thus, for

t:= (tl,...,tn), o€6,

4The details are straightforward and not particularly illuminating.
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we set

For F € L?(I™) we have

Sym(F m' Z

c€6m
We set G := &,,. We introduce the following notation.
e (71 is the subgroup of G that permutes only the first n; variables in (t1,...,t,).
e (33 is the subgroup of G that permutes only the last ng variables in (¢1,...,t,).
e (39 is the subgroup of G that permutes only the middle ngy variables in (¢1,...,t,).

G'1,2 is the subgroup of G that permutes only the first nj +ng variables in (t1, ..., t,)

(2,3 is the subgroup of G that permutes only the last ng+ns variables in (t1,. .., %,).
We have inclusions
Hp:=G1pxG3CG, Hgp =Gy x Ga3z CG.
For any subgroup H C G we denote by H\G the set or orbits of the left-hand action of H

on G. We have the following commutative diagram of surjective maps.

o\

H\G »p Hp\G (3.1.37)

ANPL

*
Above {x} denotes a generic singleton, and L;, R; are the canonical projections onto the
corresponding spaces of orbits.

For any surjective map ® : A — B, A, B finite sets, and any F' : A — R we denote by
®,(F) its summation along the fibers of ®. More explicitly, ®.(F) is the function B — R
defined by

For each t € I™ we have a function
1
F.:G—R, Fg) = HXl EXzﬁXg(g-t).

Note that

Sym (X1 K X5 K X3 ) (¢ 'ZFt = p.(Fy)
geG
Let Hy, - g € H,\G. Then

(L) Fy(Hp, - g) Z X1 R X, X X3(hg-t)
hEHL

Ino!
_ (”IJFTZ‘Z)W Sym(X; K X») & X3(gt)
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The colorings of type oo = (ny + ng2,n3) are maps 7 : I, — {1,2} such that
#17H1) = ny +ny and #71(2) = ns.
The group G acts on the space P,
Pax G (mg)—~mog, VmeP,, g€ G=6,.
We obtain a bijection Hp\H — P,
Hp -g—mgog

where g € P, is defined by

o) = {1, i <+ g,

2, ni+n9<i<n.
For m € P, we set
Tt = (te11)s ta-1(2))
where for any subset J = {j1,...,7x} C Ly, j1 < -+ < jg, we set
tr=(ty, . t;).

We deduce that

pe(Fy) = (La)y(L1) o Fy = <”1+n?2)'”' > Sym(X; K Xp) K X3(7-t)
TEPq
= #;) Y Sym(X; K X,) K X3(7-t) =Sym ( Sym(X; K Xp) X X3)(t).

a 7T€fPo¢

Since pyx = (Lg o L1)* = (L2)« o (L1)«, we deduce
Sym (X1 K X, X X3 )(¢t) = Sym ( Sym(X; K X5) K X3)(¢)

Using the right-hand-side of the diagram (3.1.37) we deduce in a similar fashion that
Sym (X1 ¥ X, X X3)(¢) = Sym (X; K Sym(X; X X3) ().

Hence
Sym ( Sym(X; X Xy) K X3) = Sym (X1 X Sym(X; X Xg))

On the other hand,

n1 + no
ny

-1/2
SyTn()Cl§ﬂ)(2):: < ) X1 0 Xo

n —1/2 ny +ng —1/2
Sym ( Sym(X; K X,) K X3) = (X100 X2)® X3
ni + ng ni

ni,n2,n3

n —-1/2
=( > (X710 X2) ®© Xs.
Similarly

~1/2
Sym (X, ® Sym(X; 8 X3)) = < " ) X1 0 (X2 © X3).

ni,n2,n3
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We obtain in this fashion a graded associative and commutative algebra

(@H@

n>0

o
n>0
is called the Fock space of H and it is denoted by F(H).

Its completion

Example 3.1.29. Suppose that H = L?(T,M, 11), where M is countably generated and y is
sigma-finite. Observe that we have a Hilbert space isomorphism

HE™ = (T ME™ 1™), fi @@ f s LB fry

Denote by M®" € M®" the o-algebra generated by the &,-invariant measurable functions
T™ — R consisting of &,,-invariant M®"-measurable subsets. We set

1
o = E,u@m s M — [0, ).

Observe that L?(T, M, 1)®" can be identified with the closed subspace
L2(Tn,M®n, M®n)6n C LQ(TTL,M®7L, ,u®n)
consisting of symmetric L?-functions F : T — R.

The orthogonal projection onto L?(T™ M®" u®™)s is the symmetrization operator

1
F— Sym(F)7 Sym(F)(tlv 7tn) = H Z F(to(l)v"‘ 7t0(n))'
C0Ee6,

For any fi,...,fn € LQ(T,M,M) define
1o @ f:T" =R,

(f1@"'@fn)(tla~~7tn) = n!Sym(f1ﬁ"'xfn)(th-'wtn) (3138)
= Z ka(tap(k))' = Z Hfa(k)(tk)'
pEG, k=1 o€Gy k=1

Clearly, f1i © -+ © f, is G,-invariant.
Lemma 3.1.30. If {f1,..., fa} C L*(T, 1) is an orthonormal system and o € N", then
1fi@ ©f@® fr@: - ® falltapal yolany = @
— N ! ’

3} Qn

Proof. We argue as in the proof of Lemma 3.1.27. For any coloring 7 : I;| — I, of type «

we set
|ex]

Fﬂ'(t17 s 7t\oz|) = H fﬂ'(k‘)(tk)
k=1

We have

[0 010 0fo-0f=aY F
—_—

a1 an TEP
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Observe that the collection (Fr)reop, is orthogonal, and

1
[ Fxll L2 artel yolaly = Tall’ Vr € Pg.

Hence

1
lfie - ©@f1® O fO 6 f H%z(M\aW@\a\) = (04!)27“#9)04 = al.

|
(o5} Qn
d
We thus obtain a Hilbert space isomorphism
U, o L2(T, M, 0) " — L2(T7, MO, 1®™) (3.1.39)
uniquely determined by the requirement
Note that . )
— Fdu®" = — Sym(F)du®" = Sym(F)du®".
n! TN n! Tn "
(|

Remark 3.1.31. Let I denote the unit interval, B o-algebra of the Borel subset of I and A
the Lebesgue measure on B. For any positive integer n we denote by A,, the simplex

An:{(tlaatn) EInv T SCL'QS an}
The map
LQ(IW,BITL,%AW) S5f— f{An € L*(Am, Ba,A")

induces a isometric linear isomorphism from the subspace of symmetric functions

L*(1",B%", %x@" s,

to L2( An, Ba,, A%"). u

Suppose that X C L?(Q,F,P) is a separable Gaussian Hilbert space. We have a linear
map )
O, 1 X0 — XM (3.1.41)
naturally determined by the correspondences
§1O-O& o008, =18 &

Corollary 3.1.20, (3.1.17) and (3.1.36) imply that if &, ..., &, is an orthonormal system in X,
then

Vil Sym[& @&l =[[a o 0&ll=l:& & | (3.1.42)
We obtain isometries ©,, : X°" — X and thus an isomorphism of graded Hilbert spaces
0:F(X)— JF(X). (3.1.43)

The associativity (3.1.31) shows that O is actually an isomorphism of algebras. We have thus
proved the following result.
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Proposition 3.1.32. The Fock space of a separable Gaussian spaces X equipped with the @
product is isomorphic to the Wiener chaos of X equipped with the Wick product e. O

If X1, X C L?(9,F,P) are two Gaussian Hilbert spaces, then any bounded linear operator
A : X1 — X5 induces bounded linear operators

A xOm 5 X0 p e Ny
uniquely determined by the requirements
AME O 0&) = (A6) 0 0 (A&), Yé,... & € X1.
In particular A®? = 1. Moreover
1A= = [lA]".
If [|A]] <1, the operators A®™ combine to a bounded linear operator
F(A): F(X;) = F(X2).
We deduce that if |A| < 1, then A induces a bounded linear operator A : F(X;) — F(X3)
uniquely defined by the equalities
A(Gro-0&) = (Ag) e o (Ag), V... 6 € X0,
Note that
14] =1,
and we have a commutatiove diagram

F(x1) =2 F(x,)

In particular, a unitary isomorphism 7T : X; — X; induces a canonical unitary isomor-
phism
T:F(x1) — F(X))
which preserves the Wick algebra structure.

Example 3.1.33. Consider the one-dimensional Gaussian Hilbert space X spanned by a
standard normal random variable £. In this case

F(%) = L*(R,T).
Any linear operator X — X has the form r1, and it is a contraction provided |r| < 1.
Any f € L*(R,T) has the form
1 1
76 = X BH©), fu= BLHOHAO] = o [ F@)H ()T ().

n>0
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Since : £" := H,(£) we deduce that r1H,(¢) = r"H,(¢) and

PLf =7 S fuHa(©) | = 3 furHa(6),

n>0 n>0

The operator 71 : L2(R,T) — L%(R,T), |r| <1 is called the Mehler transform. It is an
integral operator with kernel

T.n
M (w,y) = D _ Hn(w)Hn(y) — € L*(R?, T%2).
n>0 ’

The above series converges uniformly for (z,y,r) on the compacts of R? x (—1,1). We denote
by M, the integral operator r1. Consider the function

A" A2
Gr(0) = 3 Hofa) o = N
n>0
Observe that for |r| < 1 we have M, gy = g,». This equality determines M, (x,y) uniquely.
Consider the function

1 (rz)? — 2rzy + (ry)?
M, (z,y) = Vi has <— 0 _?12) Yy > :

A direct but tedious computation shows that®

/RMT(:U,y)gA(y)d%(dy) = gra(x)

so that

r’ rr)2 — Oz ry)2
Z%Hn(x)ffn(y)m:\/ll_ﬁexp (—< ) z(f_?j;)( v) ) vir| < 1.

The function M, (z,y) = M,(x,y) is called the Mehler kernel.
The family of operators T3 := e/_t\ll, t > 0 is called the Ornstein- Uhlenbeck semigroup. O

3.1.7. Gaussian white noise and the multiple Wiener-It6 integral. Suppose for ease
of presentation that (T, M, i) is a convenient® probability space, i.e.,

e The sigma-algebra M is countably generated, and
e The probability measure p is complete and non-atomic.
We recall that an atom of a measure p is a measurable set A such p [ A} > (0 and, for any

measurable set B C A, either M[B] =0, or M[B] = ,u[A]. A measure is called non-atomic
if it has no atoms.

Any non-atomic measure p enjoys the following property, [22, Cor.1.2.10]: for any mea-
surable set A such that ,LL[A] > 0, and for and 0 < ¢ < ,LL[A], there exists a measurable set
B C A such that M[B] =c.

Let us point out that if (7', M, i) is convenient, then L*(T, M, 11) is separable. Convenient
spaces are rather special.

5For a more conceptual approach we refer to [76, Example 4.18], [94, V.1.5] .
6The convenient spaces appear in literature with different monikers: standard, perfect, Lebesgue-Rokhlin.
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Theorem 3.1.34. Suppose that (T, M, 1) is a convenient probability space. Then there exists
a measurable function

@ : (T, M) — ([0,1],Bjo.17),
with the following property.
(i) ®up = A = the Lebesque measure on [0,1].
(ii) The p-completion of <I>_1(‘B[071] ) is equal to the p-completion of M.

For proofs and more details we refer to [23, Thm. 9.3.4] or [94, Thm. IV.4.6.2].

Definition 3.1.35. A (real) Gaussian white noise driven by the convenient probability space
(T,M, 1) is a centered Gaussian process W parametrized by M

QXM (w,A) = W,[A] €R
with covariance kernel

Kw(A,B)=E[W[A] -W[B]] —/IAIBdu—u[AﬂB], VA, B € M. (3.1.44)
T
Above (Q,S,]P’) is a probability space. O

Proposition 1.2.10 guarantees the existence of Gaussian white noises.

Fix a Gaussian white noise W driven by (7, M, p). Observe that if Ay,... A, € M are
pairwise disjoint, then the Gaussian random variable W[Al } yee s W[An} are independent
since they are jointly Gaussian and uncorrelated. Observe next that

VA,BeM, ANB=0: W[A]|+W|[B|=W[AUB] as. (3.1.45)
Indeed
E[(W[AUB]-W[A] -W[B])*] =E[W[AUB]"] +E[W[A]"] + E[W[B]']
—2E[W[AUB|W[A]]| -2E[W[AUB|W|B]]

CL [AUB] +p[A] +p[B] —2(u[A] +u[B]) =0.
More generally, if (A,,),n is a sequence of pairwise disjoint sets in M and
A= A,
neN

then

W[A]=> W[A,]

neN

where the above convergence is L?. Kolmogorov’s one-series theorem implies that the series
also converges a.s..
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Remark 3.1.36. One might be tempted to think that the random function (W[A] )
admits a modification that is a random measure, i.e., for any w € 2 the correspondence

M>A-W,[A] eR

is a signed measure. This is not the case. The correct way to view W is as a stochastic
measure, i.e., a measure valued in the Hilbert space of random variables L2(Q,S,P). We
refer to [85] for a very detailed discussion of the distinction between these two concepts. O

AeM

Denote by Elem (T, M) the vector space of M-measurable elementary functions on 7',
i.e.,
Elem (T,M) = spang { Iy A€ M}
Using the equality (3.1.45) we deduce that

ZajIAJ' :ZkaBk = ZajW[Aj] = Zka[Bk].
J k J k

We thus have a well defined map
Jw : Elem (T, M) — L*(,8,P),

Elem (T, M) 3 f =Y a;la, = Iw[f] =Y a;W[A;] € L*(Q,8,P).
J J
Moreover,

E[Iw[f]?] _/szdu. (3.1.46)

Since the centered Gaussian random variables W[Aj] are independent the random variable
JW[ f ] is centered Gaussian.

Since Elem (T7 M) is dense in L2(T, M, ,u) we deduce from (3.1.46) that Jy extends to
an isometry
Jw: L*(T,M, 1) — L*(,8,P)
This isometry is called the Wiener integral with respect to the white noise W. Traditionally
one uses the alternate notation

/Tf(t)W[dt] = 9w[1].

Since Jyy is an isometry, its image Xy is a closed subspace of L2(Q, S,IP’). Each X € Xy is
a centered Gaussian random variable since it is a limit of centered Gaussian variables of the
form JW[ f ], f € Elem (T, M) Hence Xy is a Gaussian Hilbert space called the Gaussian
Hilbert space associated to the white noise W.

Conversely, each separable Gaussian Hilbert space is associated to a Gaussian white noise
on (T, M, p). Indeed, let X C LQ(Q, 3, IP’) be a separable Gaussian Hilbert space. The Hilbert
space L?(T, M, i) is separable so there exists a (non-canonical) Hilbert space isomorphism

J:L*(T,M, 1) — X.
Then the map
W M= L*(Q,8,P), Me A W[A] =J[I4] € L*(Q,8,P)

is a Gaussian white noise on (T, M, ), and J = Jyy.
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Suppose that X is a separable Gaussian Hilbert space and J : L2(T,M,u) — X is a
Hilbert space isomorphism with associated Gaussian white noise W.

Recall that we have associative and commutative products

:{:m: % x:n: 5 (5777) — é‘. n = Projm+n(€77) c }::(m—l-n):7

©: X0 x X" 5 xO0mn) X oY = (” jnm> Sym(X @Y),

The isometries (3.1.41) yield isometries
On : L2(T, M, )@ — X™, Vn € Ny.
Using the isometries ¥,, defined in (3.1.39) of Example 3.1.29 we obtain isometries

. N ~1 A o
T L2(T" M 1) 2o LT, M, p)® 2 %7, (3.1.47)
Conceptually, J,, maps symmetric functions on 7" to elements in the n-th chaos of X = L? ( Q,M, p ) )
Jn @ symmetric functions on 7™ — degree n elements in the Fock space — n-th chaos.

For example, if

F=Sym(fiB- 8 )t t)

1.38) 1
= Efi@@fn(tla)tn);

then
(3.1.40) 1

voY(F) 100 fa,

n

and
R(F) =[] e e d[fl = (TR TR ).

For F € L*(T™, M®" ;u®") we define its multiple Wiener-Ité integral of F to be the random
variable

Jn[F]:=nlJ,| Sym(F)].

Often one uses the integral notation
/ FdW”:/ F(ty,....tn)W/[dt]---W[dty] :=Tp[F], VF: M" = R.

In particular, if F' € L2(T"™, M®") is symmetric, then

3 [F) = nldy[Fle=sJ, [ F] = i,/ Faw™.
. Tn

Note that if f1,..., fn € L>(M, M, 1), then we obtain the important equality
Tn[AR - ®f] =3 [Sym(AR-R )] =:J[A] - T[fu] = (3.1.48)

This equality uniquely determines the multiple Wiener-It6 integral.
Note that since J,, is an isometry we deduce that for any F € L2(M"™ M", u®") have

E[[3.[F] ]| =E[[3[Sym (F)] "] =E | [ntsu[Sym (F)][*]

= H n‘ Sym (F) HiQ(M",H@") - TL'H Sym[F]H%Q(M",luX”) g n'HFH%?(M",,LL@”)
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We observe that any X € F(X) has a unique orthogonal decomposition
X=Yu(m] =% [ R
n>0 n>07M"
where F,, : T" — R are symmetric L?-functions. Moreover
2 2 2 2
E[X?] = Zn!H F, HLQ(MHWW) = Z(n!) 1l 72 (am yomy-
n>0 n>0

Remark 3.1.37. There are many normalization conditions involved in the definition of the
multiple It6 integrals and there is danger of confusion since different authors use different
conventions.

In [126], the Hermite polynomials have a normalization different from the one we use in
this book which is the more commonly used.

If F:7T" — R is a symmetric function, then I,,(F'), as defined in [76], [126] or [128]
coincides with the multiple integral Jn[F ] defined above.

The operator J, that we have described in this section coincides with the operator I,
defined in [76], the operator I defined in [93], or the operator J,, in [128].. 0

Example 3.1.38. (a) Suppose that f,g € LQ(T,M, w). Then
- f(@)g(y)W [ da |Wdy] =TJ2[ fRg] =01 f]T1]g].

We set X := T [f], Y =7 [g} so that X, Y € X. Then using Wick’s formula (3.1.26) we
deduce

- f(x)g(y)W[dw]W[dy] = XY —E[XY]

= </Tf(a:)W[dx]> (/Tg(y)w[dy]> —/Tf(t)g(t)u[dt]

Thus, the stochastic Fubini formula gets a correction term.

(b) Suppose that f,g € L2(T,M,,u). Set X = Sl[f], Y = Jl[g]. Assume for simplicity
that || X||z2 = [|[Y]|z2 = 1.

| F @S @2)g@n)g(y)W [ doy W das [W [ dyy [W [ das

=(:(XeX)o(YeoY):)=(Hy(X)Ho(Y):)=(: X°Y?")
Consider the diagram with vertices
X, X, V.Y
If c = E[ XY ], then using Wick’s formula (3.1.26) we deduce
P XPY? = XY - (XP+ Y2+ 4eXY ) + 207 + 1
Observe that if ¢ = 0, then
X?Y? — (X?+Y? +4cXY ) +2¢° + 1 = Hy(X)Ho(Y) = Hyp(X,Y).
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(c¢) Suppose that fi,..., fi € L2(T,3V[,,u,) is an orthonormal family. Set X; := jl[fj].
Then

Tnptoogm | (LB R )RR (f, B R f) | = Hpy (X1) -+ Hpy (Xp). (3.1.49)

ni nE

How does one go about computing the multiple Wiener-It6 integrals in general? Theoret-
ically one goes as follows. Fix complete orthonormal system (fy)nen of L2(T,M, u). Set
X, =7 [fn].Then the collection

-~

ni nE

ke N m < -+ < mg, ny,---,ng € Ny,nyg+---+n, = n is a complete orthonormal
system of L?(T™, M®", ®" ) and, using (3.1.49) one can theoretically comute J, [ F'| for any
F e LQ(T”, men, u®"). For this to work in concrete situations we need to be very lucky.
When L2 ( T,M, u) = L2( [0, 1], Bjo,1)5 )\) and the white noise isomorphism J; is given by the
Brownian white noise

1
f=9(0f] :/0 f()dB(t),

then one can use It0’s stochastic calculus to compute multiple Wiener-Ito6 integrals; see
Remark 3.1.43. O

Suppose that X is a separable Gaussian Hilbert space and J : L?(T,M,u) — X is a
Hilbert space isomorphism with associated Gaussian white noise W.

If F:T? — R is an integrable function we define the contraction

CF ::/F(t,t)u[dt].
T

More generally, if F': T — R and 1 <1 < j < n we define the contraction C;; I : T2 R
to be

CZJF :_\/TF(tla"-7tn)titjt,u[dt]'

Given a Feynman diagram I' € Feyn(n) we set

Cr= ][ Ce.

ece(l)
where for any edge e = (i, j) of I' we set Ce = Cj;.

Lemma 3.1.39. Suppose we are given functions F; € L*(T™), i = 1,...,k. We define

k
F=RR---RE:T">R, n=>» n,

i=1

k
F1&"'@Fk(tn,...,tlnl;... ;tk17-~~atknk) = HFj(tjla"'7tjnk)'
j=1

For any Feynman diagram I' compatible with the array

(ivj)v 1§i§k, 1< <ny,
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we have

k
|Cr(AR--- X F) HLz(Mn—Qr(r)) < ITIE |
j=1

Proof. We use induction on k. The case £ = 1 is trivial since I' has no wedge and thus
Cr(F)=F.

For k = 2, we can assume, after relabeling the variables, that the r(T") edges of I connectd
the vertices (1, ) and (2,7), j = 1,...,r. Then for

term " "eT™ " scT"

we have

C’pF(t/,t”):/ Fi(s,t')Fa(s, t")u" [ ds ]

r

and thus, by Cauchy-Schwarz

cr (. <

Fl(s,x')Q,ur[ds]> (/ Fg(s,t")2> p[ds]
Integrating the remaining variables (¢,t") we deduce
lor®) 52 < IRl 2 || B2 70
This disposes of the case k = 2.
For k > 2 we set

T’l‘

Fi=f,X.. XK F.
Denote by I'1 the subdiagram of I' consisting of the edges that have one vertex on the first
row, (1,7), 1 <j < nq, and denote by I's the subdiagram of I determined by the edges of T'
that connect points on rows different from the first row.

We than have
Cr(F) = Cr, (F1 R Cr,(F3)).

Thus, using the inequality established for £ = 2 and the induction assumption we reach the
desired conclusion. O

Suppose we are given functions F; € L2(T"),i=1,...,k. We set
Y, =0n, [ Fi] =T, [Sym(F;) ] € X", 1<i<k.

From the Diagram Formula (Theorem 3.1.23) we deduce via a simple density argument (see
[76, Thm. 7.33] for details) the following important result.

Theorem 3.1.40. We set n:=nj + -+ + ng. Denote by A the array

Then
ViooYe= Y Jpom[Cr(AR---KF)], (3.1.50)

In particular
E[Y:-- Y] = Z Cr(FR-- K F). (3.1.51)
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Proof. Lemma 3.1.39 shows that all the contractions and stochastic integrals are well defined.
From the definition of the multiple Wiener-It6 integrals we deduce that the right-hand side
of (3.1.50) defines a continuous multilinear map

k
[[z2@m, u) — F(%).
=1

Thus it suffice to verify the equality (3.1.50) in the special case when each f; is a monomial

filte, s tmy) = fir(t1) -+« fim; (tm,)-

This special case follows immediately from the diagram formula (3.1.28a). O

Remark 3.1.41. Theorem 3.1.40 corresponds to [93, Thm. 5.3] where it is referred to as
the Diagram Formula. O

Suppose that F; € LZ(T"i)7 i = 1,2, are symmetric functions and r < min(ni,n2). We
define F} X, Fy : TM1tm2=2r , R

Fi X, Fo(t1, ... tng—ry S1y- -+ Sno—r) ::/ Fl(tl,...tnl_r,t)Fg(t,sl,...snz_r),ur[dt].

The equality (3.1.50) in the case k = 2 can now be rewritten as

min(ni,n2)

I [F1)Tng[B2] = D o (”1> (”2>3n1+n22r[F1 R, F . (3.1.52)

r r
r=0

Digression 3.1.42. The multiple Wiener-Ito integral can be given a constructive description
that justifies the terminology integral. 1 will describe below the contours of this construction.
For details refer to [95, §VI.2] or [126, §1.1.2].

Suppose that (T, M, ) is a convenient probability space and W is a Gaussian white noise
driven by (T, M, ). Denote by X the Gaussian space generated by W. Assume that M is
generated by the measurable sets M, n € N. I secretly think that 7" = [01,] and M = By y].

For N € N we denote by My the sigma-subalgebra of M generated by M;,..., My.
We set My := {0, T}. For any N > 0, the sigma-subalgebra My consists of finitely many
measurable subsets of T" and hence it corresponds to the sigma-algebra generated by a finite,
measurable partition of T'. I secretly think that My is the sigma algebra, generated by the
partition

(k=12 N k27V), k=1,...2¥ -1, [1-27N1].
The parts of this partition are precisely the atoms of |y, . Moreover,
MoCMyC--- and M= \/ My.
N>0
Denote by An the set of atoms of |y, . Fix p € N and set
o )
ME, = MEP.
Each of the sigma-subalgebras MY, is finite and its set of atoms is
ANJJ = AN X XAN.
—_————

p
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Set

Hyyp = L* (TP, MR, u®P), Hy, = L*(TP, M, p®P).
Any function F' € Hy,, is constant on the set of atoms Ay, and we denote by F(a) its
value on the atom a € Ay . Then

F= ) F(al,
QGAN,p
and
IFI3.= Y F(a)’u®|a].
QEAN,p

The symmetric group &, acts in the obvious way on the set of atoms @ = a1 x---xa, € An,).
More precisely, for o € &,,.

U-Q:ag(l) ><~-'><ag(p).
For a € Ay, we denote by Stab(a) the stabilizer of @ with respect to the action of &,. More
explicitly,

Stab(a —{U€6p, o- a—a}
We set
Ay, ={aec Ayy; Stab(a) = {1} }, A% » = ANp \ AN,
Note that
g:alx---xapeA%p(:)Hi;éj a; = a;.
We set

Xnp:={F € Hnyp; F(a)=0, Vac A}, },
We have natural inclusions iy : Hyy, < Hn41,p,. Note that iN(XN,p) C XNt1p-
For F' € Xy we set
pn[Fl= Y Fl@Wla], Wla]=W/[a]---Wlq,] € F(X).
acAy
The Gaussian random variables W[al ] e W[ap] are independent elements of X so that
Wla] € x”
and thus J, v [ F'] € X7, Since &, acts freely on A}y, and
W[a 'g} = W[g], Va € An,, Yo €GB,

we deduce

IpN[F] =3[ Sym(F)] = ) l' Y F(o-a)| W[a].

acAy T o€,
The operators J, v are compatible with the inclusions in : Xy, — Xn41,p, ie., for any
N > 0, the following diagram is commutative

iN
XN, > XN+1,p

N
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We have thus constructed a well defined map
Tp: Xp = X7, X = | Xy € L2(TP, MO, 4®P).
N>0
We set F' = Sym(F). Then

WF]B[F]=3[F]-3,[F]= }  F@F@W[a]W[d].
Now observe that

0, otherwise.
We deduce
~ AT SN2 ® _ =02 2
13 [FTIF=pt > Fla)n®[a] =pl| F L. < o F [
acAy ,
We have thus produced a bounded linear map
Jp: Xp = X7
Using the fact that p is non-atomic one can show that X, is dense in H, so J, : X, — X
admits a unique extension as a bounded linear map J, : H, — X*7".

We need to explain why in the above proof we have the avoided the atoms @ = a1 x---xa,
that intersect the diagonal, i.e., a; = a; for some i # j.

To see what goes wrong consider the simplest case p = 2, T'= [0, 1] and g = A. The map
J2 should be a map
Jp: L*(T?) - X%, F s 35 F]
In particular,
E[3,[F]] = 0.
Clearly, for any non-negligible Borel subset B C T', we have
E[W[BxB]]=Var [W[B]] =A[B] #0.
We set
[(k—1)27" k27™), 1<k<2™,
A n - —
’ [1—27"1], k=n,
and
A, = {al’n, N Y }, Ap = O‘(An)
For each F € L*(T?) we set F,, = E[F || An2| € L*(T?, Apnz2). Then
Fo= Y F(a)g

QEAn,Z

and the Martingale Convergence Theorem shows that F}, converges in L? to F. One might
be tempted to set

BlF]= i 3 Fa@Wla]
acAy 2

Suppose that F' = Ir2. Note that for any a € A, we have
E[W[ax a” :Var[W[aH =2"" Vac A,
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Var [W[a X a” —3.972n _9=2n _ 9 9-2n _ 9—2n+1

In this case If we set
Sn = Z W[a X a'}’

acA,
then
E[S,=1]=1, Var[S,]=2"""".

and we deduce from the Borel-Cantelli lemma that S,, converges a.s. to 1 as n — co. Note
that S, € H, \ X,. Thus

E[I7: | An2] = Y Wla]=8.+ > W|a]
acAny 2 QGAZQ

It is not difficult to see that

In general, given F € L*(T?) we set
Fp=> Fu(axa)laxa,
aEAn
then
lim Var [F = [ FAy,

n—oo T2

where A : T — T? is the diagonal map. For a more in-depth discussion of this aspect and
generalizations we refer to [54, 85, 131]. |

Remark 3.1.43. When T = [0,1], M = Bjg 1], # = A one can give an alternate description
of the multiple Wiener-It6 integrals. Fix a Brownian motion (B(t))¢cp,1) and denote by X
the Gaussian spaces spanned by the random function ¢ — B(t). The white noise W is the
more familiar white noise W = dB(t) and the white noise isomorphism is given by the It6
integral

£2([0,1]) 9f»—>31(F)—/0 F(O)AB().

Note that
B(t) =T1[Ijp4].

Above, we interpret f(t) as a predictable process in the obvious way. In particular
J1[ Ty 01 ] = B(t1) — B(to)-

Since the Haar wavelets span a dense subset of L2( [0, 1}) we deduce that the above map
J1: LQ(O, 1] ) — X is indeed an isomorphism. For n > 1 we set

Api={(t,....tn); 1 <ta<- - <t}

Any symmetric function F : [0,1]7R is uniquely determined by its restriction to A,. One
can prove that for any F' € L2( [0, 1], Bjg 1), )\®”) we have

1 tn t1
In[F] =3, Sym(F)] _/t dB(sn)/t dB(sn_l)---/O F(s1,...,5,)dB(s1).
' " (3.1.53)
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For n > 1, the right-hand-side of the above equality is an integral Ito integral.

I want to highlight the main ideas of the proof of (3.1.53) in [76, Thm.7.5] to which I
refer for details.

The proof is inductive. For any (t1,...,t, 1) € A,_1, any F' € L? ( A, ), and any ¢ € [0, 1]
define F; : A,_1 — R
f(t17"'7tn—17t)7 tztn—h
0, t<tp_1.

Fi(t1,...,th—1) :{

One shows that for any n > 2

3, F] :/Olﬁn_l[Ft]dB(t),

where the right-hand-side above is the It6 integral of a predictable process. The above equality
is linear and continuous in F' so it can be reduced to the case when F' is the indicator of a
box contained in A,. In this case it can be verified by direct computation.

The equalities (3.1.16) and (3.1.53) show that
In[Ipgn | = Ha(B() |t). (3.1.54)

In particular,
In[ Loy ] = Ha(B(1)).

3.2. Malliavin calculus

3.2.1. The Malliavin gradient and Gaussian Sobolev spaces. Suppose H is a sepa-
rable real Hilbert space, and X C L?(Q,8,P) is a separable real Gaussian Hilbert space.

e We denote by L%(€) the space of 8x-measurable functions f : @ — R modulo a.s.
equality. (X, )nen is a dense subset of X, then for any f € L%(f2) there exists a
measurable function F': RN — R such that

fw)=F(Xi(w),...,Xp(w),... ), YweQ
e For p € [1,00] we denote by L% () the subspace of L} () consisting of p-integrable
functions equipped with the usual LP-norm. Note that F(X) = L%(Q). If

e We denote by L%(Q, H) the space of 8x-measurable maps f : Q@ — H modulo a.s.
equality, and by L% (2, H) the subspace L%(Q, H) consisting of maps f : Q — H
such that || f| € L5(£2). The norm in this space is

E[IIfI% 7.

The space L%(€, H) is equipped with a bilinear map
(=, —]m : L3(Q, H) x LY (2, H) — LY (),
[f. 9l (w) = (f(w),9(w)) s V.9 € LY(QH).

e A function f : R™ — R is called admissible if it is smooth, and its derivatives, of
any order, have at most polynomial growth.

(3.2.1)
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e An H-valued function f : R™ — is called admissible if it is smooth, and its deriva-
tives, of any order, have at most polynomial growth.

The random variables F' € LO%(Q) are commonly referred as (nonlinear) functionals of
the Gaussian space X. They all can be non-uniquely expressed as

F=0¢(X1,..., Xn,... ),

where ¢ : RY — R is measurable and X,, € X, Vn.

We will construct various Banach subspaces L$ (). These depend only on X.
Definition 3.2.1. Let X C LQ(Q, S, IP’) be a separable real Gaussian Hilbert space.

(1) We denote by 2(X) C L(€2) the set of random variables of the form f(X,..., X,,),
where m € N, f: R™ — R is an admissible function, and X;,...,X,, € X.

(ii) We denote by P(X) C 2(X) the set of random variables of the form P(X;,..., X;,),
where P : R™ — R is a polynomial in m variables with real coefficients and
Xi,..., Xy € X.

(iii) Suppose that H is a separable Hilbert space. We denote by 2A(X, H) the sub-
space of L%(Q, H) spanned by random vectors of the form f(X;,...,X,), where
f:R™ — H is admissible and X1,..., Xy € X.

O
Note that if (X,,)n> is a complete orthonormal system of X, then for any & € N and
any ni,...,n; € Ny the polynomial Hy, (X1) - Hp, (X)) belongs to L5 (Q), Vp € [1,00). In
particular,
P(X),A(X) € LE(Q), Vp e [1,00).

Arguing exactly as in the proof of Proposition 3.1.15 we deduce the following result

Proposition 3.2.2. The spaces P(X) and A(X) are dense in LE(Q) for any p € [1,00). O
For X € X and f(X1,...,Xm) € A(X) we define Dx f(X1,...,X;) € LY(Q) by setting
DXf(Xla s 7Xm)(w) = Z f(Xl(w% s 7Xm(w) )(XjaX)%a (322)

where (—, —)x denotes the inner product in X, (X,Y)x = E[ XY ]. We have the a.s. equality
Dy f = g%é(f(Xl +e(X1, X)X 4 6(Xm, X)z ) = F( X1y, Xm) ) (3.2.3)
From the definition (3.2.2) it is not clear whether the equality
f( X1, Xm) =9(Y1,...,Y,) € A(X),
where f and g are admissible, implies that
Dxf(X1,...,Xm) = Dxg(V1,...,Y,) € L%(Q), VX € X.
This is indeed the case, but the proof is more involved. The key fact is that the a.s. equality
f( X1, ..., Xm) =9g(Y1,...,Y,) € A(X)



214 3. Central limit theorems

implies that, for any X € X, we have
f(Xl + (X7X1):{7"'7Xm+ (X)Xm)X) :g(Yi + (Xaifl)ffa"'ayn_{_ (Xayn):{)

For details we refer to [76, Thm.14.1& Def.15.26]. We will have more to say about this in
Digression 3.2.9.

Given f(Xi,...,Xn) € A(X), define Df(X1,..., Xm) € LY(Q,X)

of

Df(X1,..., Xm)(w) = 8$

(X2(w). . X)) X;(0). (3:2.4)

Equivalently, D f is the unique Sx—measurable map 71" : 2 — X such that
[T=X]x = Dxf as., VX € X,
where [—, —] » is the bilinear map defined in (3.2.1). The resulting operator
f(X1,....Xm) = Df(Xq,...,Xm)
is called the Malliavin gradient or derivative.

Example 3.2.3. Let X € X. Then DX is the constant map 2 — X, w +— X. For this reason
we will rewrite (3.2.4) in the form

Df(X1,.. ., Xm)(w) = a—f(Xl(w),...,Xm(w))DXj. (3.2.5)

This notation better conveys the nature of the two factors 2 Fors (X 1(w), ..., Xm(w)) and DXj.
The first is a scalar, while the second is an element of X. Note also that

DxF =[DF,DX |, € LY(Q)

where [—, —|x is the bilinear form (3.2.1). O

For a positive integer k and f(Xi,...,X,,) as above we define
DFf(Xy,. .., Xm) € L (9, X°P)
by setting

DFf(Xy,. ., X, Z 8961 -ax- (X1(w), ..., Xm(w))DX;, ® -+ ® DX,
(2 (2%

U150 =1

Remark 3.2.4. Arguing as in Lemma 3.1.27 we deduce that

> axu . axzk (X1(@), -, Xin(w) ) DXiy ® -~ © DX,

1150tk =1

=VEl Y a@;‘f(Xl(w),...,Xm(w))(DXl)Qal®~-®(DXm)®am

- Z aagf(Xl(w)7 cee 7Xm(w> ) Sym[(DX1)®a1 R R (DXm)®O‘m]_ 0
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Observe that the class 2(X) contains the algebra generated by the polynomials H, (X),
X € X. Arguing as in the proof of Proposition 3.1.15 we deduce that 2(X) is dense in
LL(Q,P), Vg € (1,00).

Proposition 3.2.5. Let k € N and q € (1,00). Then the operator
DF (%) € LL(Q) — LL(Q, x%7)
is closable.

Proof. We follow closely the proof of [124, Prop.2.3.4]. We consider only the case k = 1.

Let F,G € A(X) and X € X such that || X||;2 = 1. Note that F'G € A(X). We can
assume that
F = f(Xl,...,Xn), G :g(Xl,...,Xn).
where {X1,..., X} C X is an orthonormal system, X; = X, and f, g are admissible. Then,
setting h = fg we deduce

h z2+»-»+z%
E[[D(FG),X],] = (2r)"/? . {fm(xl, mp)e T da
(integrate by parts along the z1-direction)

e T———

= (27r)_"/2/ zih(zy, ..., zn)e” 2 dz=E[XFG].

Clearly D(FG) = G(DF) + F(DG). We deduce the following Gaussian integration by parts
formula

E[G[DF,X],]|=-E[F[DG,X|,]+E[XFG], VX € X. (3.2.6)
Using the notation (3.2.2) we can rewrite the above equality in the more suggestive form
E[(DxF)G] =E[F(-Dx + X)G], VX € X. (3.2.7)

The above equation extends by linearity to all X € X, not necessarily of L?-norm 1.
Now let (F},) be a sequence in 2A(X) such that the following hold.
(i) F, — 0in LL(9).
(ii) The sequence DF), converges in the norm of L% (€, X) to some n € L5(, X).
We have to show that n = 0 a.s.. Let X € X, G € A(X). Since F,, — 0 in L? and XG
and [ DG, X]36 belong to L7 we deduce from (3.2.6) that
E[G[n.X],] = lm B[G[DF,.X],]

=— lim E[F,[DG, X ], ]+ lim E[XF,G] =0.

n—o0

Thus
E[G[n,X],] =0, VG eAX), X eX.
Since (%) is dense in any L", r € [1,00), we deduce that
vXeX, n,X)x=0 as..
Thus, if (ex)ren is an orthonormal basis of X, there exists a negligible set N C € such that
[n,en]x(w) =0, YneN, we Q\N.
Thus n =0 a.s. O
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Definition 3.2.6. Let k € N and ¢ € [1,00). We define the Gaussian Sobolev space D*9(X)
to be the closure of 2(X) with respect to the norm

k

1Pl i= | SSE[IDIFIL, || :
§=0

Remark 3.2.7. According to Proposition 3.2.5, the operator D¥ can be consistently extended
as a continuous operator )
D* . D*4(X) — LL(Q, X°P).
The space D¥9(X) is the domain of the closure of the unbounded operator
DF 1 A(X) C LL(Q) — LL(Q, X"P),
i.e., the closure of 2(X) in the graph norm of D¥. In particular, the space (%) is dense in
D*4(X), Vk > 0, g € [1,0).
The space D¥2(X) is a Hilbert space with inner product
k
(F,G)pwz = Y _E[[D'F,DIG] e, .
j=0
O

Remark 3.2.8. Let (£2, S,P) be a probability space. Suppose that (T, M, ) is a convenient
probability space and
W H:=L*T,M,u) — L*(9,8,)

is a Gaussian white noise. Its image is a Gaussian Hilbert space X. If F' € D'2(X) then its
gradient is an element in

L2(,8%,P;X) 2 L*(Q,8x,PyH) 2 L*(AxT,P®Rpu),

and thus it can be identified with a stochastic process parametrized by T. We denote by
D F this stochastic process.

Any functional F' in the n-th Wiener chaos X™ can be written as multiple Wiener integral

F=3fu]=[ foltr,....to))W[dt1] - -W]dty],
Tn
where f, € L? ( T, M®™, yon ) The gradient DF' can be identified with the stochastic process
DiF =ndp_1| fu(—,t)] = n/ bt )W Aty ] W [ty ]
T

I refer to [126, Sec 1.2.1] for a proof and more information on this point of view.

For example if F' =7, [Ijgqn | = H,(B(1)), then the equality (3.1.54) shows that

DiF =nH,_1(B(t)|t).
One can show that for any f € L*([0,1]) and any n € N we have (see [128, Sec.3.2.1])

o ([ 1 rease)) = ( | N s)dB<s>)n_1 7).

(
0
Thus, if we set X =J1[ f], then DX = D,J1[ f ] = f(¢).

n
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For a more suggestive description of D, F I refer to [96, Sec. 1.2-1.3]. O

Digression 3.2.9. The usual Sobolev spaces can be defined in two equivalent, yet qualita-
tively different ways: as completions of spaces of smooth functions with respect to Sobolev
or by directly describing the regularity conditions that characterize the functions belonging
to a given Sobolev space.

Similarly, the Gaussian Sobolev spaces Dk’p(% ) can be given an alternate definition by
describing explicitly the regularity properties a random variable in LO%( Q) needs to satisfy in
order to belong to D*P. T digress to offer the reader an idea of this approach. I follow closely
[76, Chap.15] to which we refer for proofs and more details.

A random variable Z € L%(Q) can be described non-uniquely as
Z(w) = f(Xl(w), e Xp(w), .. )

where f : RY — R is a measurable function and X,, € X, Vn. Suppose we are given another
such description of Z

Z=g(Y1,....,Yn,...)

with g : RY — R a measurable function and Y;, € X, Vn. One can show that for any X € X
we have

(X1 +E[X1X],... . Xn+E[XpX],... ) =g +E[VNX],.... Y, +E[Y, X ],... ).
The key fact behind this equality is the identity
Elo(Xi +E[X1X],..., X0 +E[ X, X ])] =E[ : e’ 1 p(X1,..., X,,) ]

for any n € N and any bounded measurable function ¢ : R® — R. Above, : eX : denotes the
Wick exponential defined in Example 3.1.25 . We then have a well defined linear map

px : Lz(Q) = (%)
given by
pxf( X1, .. Xn,... )= (X1 +E[X1X],.... Xn + E[ Xp X ],... ).
This is also a morphism of algebras, i.e.,
px(2122) = px (21 )px(Z2), VX € X, VZ1,Z5 € LY ().

Moreover, px,+x, = PX, © PX,, VX1, X2 € X. This map is called the Cameron-Martin shift.
It satisfies many other pleasant properties [76, Thm. 14.1].

Given F € L%(Q) and X € X we say that the directional derivative Ox F exists if the
difference quotients

1
S(pxF = F)

converge in probability as ¢ — 0. The limit is the directional derivative x F. If f € C! ( R”)
X, Xq,...,X, € X, then

Oxf(X1,....Xn) = ZE[XkX]gai(Xl,...,Xn).
k=1
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A functional F' € LY ()) is said to have a gradient if there exists G € L} (€, X) such that
for any X € X the directional derivative Ox F exists and

OxF = [G’X]% a.s..

If this happens we set DF := G.

A random variable F' € L%(Q) is said to be absolutely continuous along X € X, or X-
a.c. if there exists a version of t — p;x F' such that for any w € €2 the function t — pyx F(w)
is absolutely continuous. We say that F' € LOX(Q) is ray absolutely continuous or ray a.c. if

it is X-a.c for any X € X We denote by @1’0(%) the space of functionals F' € LO(Q) that
are ray a.c. and admit a gradient.

Following [76, Def. 15.59] we define D'P to be the the subspace of D0 ( %) consisting of
functionals F such that DF € LP. The space D'? ( X ) is equipped with an obvious Sobolev-
type LP-norm. The fact that the normed space DP ( X ) is isomorphic to the Banach space
D'?(X) in Definition 3.2.6 requires some work. For details we refer to [76, Thm. 15.104].

The space ]f))l,p(% ) has certain technical advantages. In particular, it leads naturally to
the following result with important applications.

Theorem 3.2.10. Suppose that F € D'P(X), p € [1,00), is a non-constant random variable.
Then its distribution is absolutely continuous with respect to the Lebesgue measure on R. O

For a proof I refer to [76, Thm. 15.50]. Yet other approaches to this absolute continuity
theorem can be found in [25], [95, Thm. II1.7.1] or [144].

Let me mention a few things about a special case of Gaussian Hilbert spaces arising
frequently in stochastic analysis. Suppose that I' is a Gaussian measure on the separable
Fréchet space X. It has an associated Gaussian Hilbert space X. More precisely, X = X,
the closure of the image of the tautological map

Tr : X* — L*(X,T)

defined in (1.1.28). Concretely Xt can be identified with the quotient of X* modulo I'-a.s.
equality. In this case (Q,S,IP’) = (X,BX,I‘). For X € X the Cameron-Martin shift 7x
coincides with the pullback induced by a measurable map of 7x : X — X.

In (1.1.34) we defined Cameron-Martin space Hp = T1(X) C X of T'. For X € X define
x: X = X, 7x(x) =z + 17 X.

Then, for any F' € X*, the Cameron-Martin shift px F is given by

(1.1.29)
] p—

px(F)=F+E[XF F+F(TtX) = 1% (F).

Recall that F' not really a function, but an equivalence class of functions modulo equality
I-a.s. Thus if F = F' T-a.s., but F # F', it is possible that F(z 4+ T3X ) # F/(z + T{X )
T'-a.s.. This not the case.

The classical Cameron-Martin theorem [32] shows that the measure (7x)xI" is absolutely
continuous with respect to I'. More precisely

(rx) 4D [do] = X@=2IX2cxn [ g ).

For modern presentations we refer to [21, Sec. 2.4] or [148, Sec. 3.3.1].
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If X =R"and I' =TIY,, then X = R"”, and for any X € R", the Cameron-Martin shift
7x : R™ — R" is the translation

R">v—v+ X eR"
It X = C’( [0,1] )) and I' is a Gaussian measure on X, then the linear functionals
Ev,: C’( [0, 1]) =R, Evi(f) = f(t)

span a dense subspace of the associated Gaussian Hilbert space XT. The associated Cameron-
Martin space is the same of the associated Cameron-Martin space of the continuous Gaussian
process ( Ev; )te[O,l}‘

For example, if " is the Wiener measure on C([0, 1]), then the Gaussian process (Evy)yc[o,1]
is the Brownian motion.

As explained in Example B.5.5, to each £ € X™* we can naturally associate a continuous
function k¢ : [0,1] = R, he(t) = E[{ Evy |, Vt. We obtain a translation

Te: X =X, fe f+he

We deduce that
TEEv(f) = Evi(f) + Evi(he) = Evi(f) + E[EEvy |

i.e.,

TtEv; =Evi+E[(Evy |.
Since the collections Ev; span a dense subspace of X1 we deduce that

vne Xy Tin=n+E[&n].
Thus, the pullback induced by the translation in X by h¢ is the Cameron-Martin shift pg.

This ends the digression. O

Example 3.2.11. Suppose that X is a finite dimensional Gaussian Hilbert space, dim X = n.
Fix an orthonormal basis X1i,...,X,. Then

P
L3(9) = L3(R™, Ty[da] ), Ty[ds] = (27) "2~ % da.

If f € C®(R") is a function such that is derivatives of any order have at most polynomial
growth, then the Malliavin gradient D f(Xy,...,X,) corresponds to the differential of f

df =) demk.
k=1

Furthermore, the Gaussian Sobolev space corresponds to the weighted Sobolev space W4 ( R™ Ty )
equipped with the norm

q

> /Rn\aﬁf(:cﬂql"]l[dx] . O

al<k

[ fllpk.a =
\

Proposition 3.2.12. Let f € F(X), p € N. Recall that Proj,, denotes the orthogonal projec-
tion onto the n-th chaos X™. The following statements are equivalent.

(i) F € DP2(X).
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anH Proj,, F||* < cc.

n>0

Outline of proof. Fix an orthonormal basis X = (Xj)>1 of X. We have

Proj,= Y  calf)Ha(X).

a€Np, |al=n

From the equality (3.1.4b) we deduce that

o 0jHo(x)0;Hp(x)T (dx) = oj( Ha, Hpg )L2(I‘)’

This implies that
IDHaI72 = || Hall 2
In particular, we deduce that
™ CDYAX), [|F|3ie = (1+n)|F|2., VF € X™.

The proposition is now an immediate consequence of the above fact. O

Example 3.2.13. For any n € N, and any p € Np, the n-th chaos X™ is contained in
DP2(X). O

Since 2(X) is dense in in D9(X) we obtain the following useful result.

Proposition 3.2.14 (Chain Rule). Suppose that ¢ : R™ — R is a C'-function with bounded
derivatives. Then for any Fy,...,F, € D% we have o(F,...,F,) € D'? and

Uy,
Do(Fy,....Fn) =Y %(Fb .., F)DF,,. (3.2.8)
j=1 """
O

The Chain Rule holds in the more general case when ¢ is a Lipschitz function, [126,
Prop. 1.2.4].

Proposition 3.2.15 (Extended Chain Rule). Suppose that ¢ : R™ — R is a Lipschitz
function, then for any Fi,...,F, € D" such that the probability distribution of

—

F=(F,...,Fp):Q—R™,

is absolutely continuous’ with respect to the Lebesque measure on R™, then cp(ﬁ) e DY and
(3.2.8) continues to hold with 37“0 defined a.e. O

i

"This assumption is needed to give a precise meaning to (%”(ﬁ) since for a Lipschitz function ¢ the partial
7

derivatives %(z) are defined only for x outside a Lebesgue negligible subset N C R™.
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3.2.2. The divergence operator. The divergence operator ¢ is the adjoint of the Malliavin
gradient viewed as a closed unbounded operator

D:D"(X) C L3(Q) — L3(9,X).
Similarly, for p € N, the operator 67 is the adjoint of the closed unbounded operator
DP - DP2(X) C L3(Q) — L3(Q,X°P).
The domain Dom(0”) of §7 is the space

{ue L@ x%); 3¢ >0 [E[[D'Fulye,]| < C\E[F?], VFeuX) .
If u € Dom(6?), then 6Pu is the unique element in L3(€2) = L3 () such that
E[FéPu]| =E[[DPF,u] s, ], VF € AX). (3.2.9)

x6p
Example 3.2.16. (a) Suppose that dim X = n < co. Fix an orthonormal basis {X;,..., X, }
of X. Let

u=(Up,...,uy) € L%(Q,R").

Then each u; is a measurable function of (X1, ..., X;). For any admissible function f € C*°(R")
we have

E[f(X1,..., Xp)0u] =E | Y fi (X1, ..., Xo)uj(X1, ..., Xn)
j=1

n

do= [ f(2) 3 _(=0eyus(w) + 205 )T [do].

=1

N ‘J.qw

S R M P AC
j=1

Thus

n
(S(Ul, ce ,un) = Z( —8ijj(X1, ceey Xn) + XjUj(Xl, - ,Xn) )
j=1
Observe that in the case n = 1 the divergence operator coincides with the creation operator
(3.1.2).
(b) Suppose that X C LQ(Q,S,]P’) is a separable Gaussian Hilbert space and X € X. It is
not hard to verify that DX € Dom(d). We want to compute §DX.

For F € L%(Q) we have
E[F6DX]=E[(Df,DX)x], VA(X).

We can assume that || X||;2 = 1 and that F = f(Xy,...,X,), where {X1,...,X,,} is an
orthonormal system, X = X7 and f is an admissible function. We have

E[(Df,DX)x] = /]R” fo, (@)L (dz) = . f(@)z Ty [dz] = E[FX].

Hence
5(DX) =X, VX € X.
(c) Suppose that F € %(X) and X € X. Then DxF = [ DF,DX |, € 2(X). Indeed, we can
assume that F = f(Xy,...,X,), f admissible, {X7,..., X, } orthonormal system, X; = X.
Then
[DF,DX], = /2, (X1,..., X,) € AX).
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Observe that

n
1.
D(DxF)=D[DF,DX ], =) ff,(X1,...,X,)DX; = 5zXlz)QF,
j=1
where for any X € X we denoted by 7x the contraction
ix X% 5 x®k-D e N
which is the ®-derivation uniquely determined by the condition
ixY =[X,Y],, YYeX O

The next result follows immediately from the definition of . We refer to [124, Prop.
2.5.4] for details.

Proposition 3.2.17. Let F' € D"2(%) and u € Dom(§) such that
E[F*[lul}] +E[F*3(u)’] + B[ [DFu]}] < co.

Then
0(Fu) = Féu — (DF,u)z. O

Example 3.2.18. Suppose that F' € (X)), X € X so that
u=FDX € A(X,X).
Then v € Dom(d) and we deduce from Proposition 3.2.17 that
ou=FX — (DF,DX)x = FX — DxF.

This shows that éu € D'? and for any Y € X we have

Dy (0u) = (DyF)X + FDyX — DyDxF = (DyF)X + F[X,Y |, — Dy DxF.
On the other hand

Dyu=DyF ® DX, §(DyFu)= (DyF)X — DxDyF.

Hence

Dy (0u) — d(Dyu) = (DyF)X + F[X,Y |, — DyDxF — (DyF)X + Dx Dy F

=F(X,Y)+ [Dx,Dy]F =F(X,Y) = [u,Y}x,

where [a, b] denotes the commutator of two elements a, b of an algebra. We have thus proved
the Heisenberg identity

Yu € Dom(d), Y € X [Dy,dlu= [u,Y],. (3.2.10)
O

The operator 67 is closely related to the multiple It0 integrals. We have the following
result.

Proposition 3.2.19. Let X1,...,X, € X. Then (compare with (3.1.48))
P(DX1® - ®@DX,) =6 (Sym[DX; ®---® DXp]) =: X1+ Xp: . (3.2.11)
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Proof. Fix an orthonormal basis {Y,, }nen of X. Clearly it sufficers to prove the result in the
special case when

DX, ®---®DX, = (DY)®, aecN), |of=p
Suppose that f = f(y1,...,yn) is an admissible function. Then
E[f(Y1,...,Yn)0(DY®) | =E[[DPf(Y1,...,Yn), (DY) ] 10, |

From Remark 3.2.4 we deduce

E[[DPf(Y1,...,Yn),(DY)®] 10, ] lej G E[0Jf(Y1,...,Y,) [ DY®? DY®] ]
Bl=p

= VIE[05 (i Y] = VL [ 0 )T [ ]
(Oyy, = =0y, + Yi, Oyl = Hea, (k)

—f f@) Ha(y)Tx [dy].

Hence
SP((DY)®Y) = \/|a|!Ho (Y
i.e.,
« 1 «@ «@ on
5% (Sym[(DY)®°]) = mél’((Dm@):Ham o CRRI ZLE

This proves the second equality of (3.2.11). The first one is proved in a similar fashion. O

Remark 3.2.20. Using the equalities (3.1.34) and (3.1.41) we deduce that
= /p'6,(u), VpeN, Yue x°P.
If we are given a Hilbert space isomorphism
7 LA(M, M, p) — X,
then the resulting map
L2(M?, %) — 27 25 12(Q)

coincides with the multiple Wiener-It0 integral J,; see (3.1.48). For this reason we set

3,[F] := 6PF = 6*( Sym[F]) = /plO,( Sym[F]), VF € X% (3.2.12)

Using the isometry relation (3.1.42) we deduce that
E[3,[F12] = | 3,F) |2 = plIF |12, VF € X°7. (3.2.13)
O

Remark 3.2.21. For any Hilbert space H and any k € N we have a Malliavin derivative
DY (X, H) — A(X, H ® x%F)
with adjoint 6’;[ defined by the equality
E[F[ h,0(GW @u)], | =E[[D*F®@h,GN @ u]
VE,G € A(X), h,h' € H, u € X®F. For any p € N we have
DPtl = DR oD, 5Pt =68 o4

H@x®k ]’
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Arguing as in the proof of Proposition 3.2.19 one can show
PP (u) = D6P(u), Yu € X @ XOP~1, (3.2.14)

The above equality generalizes (3.1.4a). In fact, (3.2.14) follows from (3.1.4a). If as in the
previous remark we set

Jpo1lu] = 6P (u), Yu e X @ x0P-D,
We can rewrite (3.2.14) as
pIp—1fu] = DIplu], Vu e X ® O, (3.2.15)
O

3.2.3. The Ornstein-Uhlenbeck semigroup. Let X C L?(£,8,P) be a separable real
Gaussian Hilbert space.

Definition 3.2.22. The Ornstein-Uhlenbeck semigroup is the semigroup of contractions
P L%(Q) — L%(Q), t > 0, defined by

T,F = e "Proj, F, VF € L3(Q), Vt>0,
n>0

where we recall that Proj,, : L%e( Q) — X™ denotes the orthogonal projection onto the n-th
chaos. 0

The above definition shows that 7} is indeed a semigroup of selfadjoint L?-contractions.
It is a Cy-semigroup in the sense that

limTeu =0, Vue L3 (Q).

We want to present an equivalent, coordinate dependent description of this semigroup.

Fix a complete orthonormal basis of X,
X =(X1,Xo,....Xp,...).
Observe that the semigroup 7T} is uniquely determined by its action on P(X).

Proposition 3.2.23 (Mehler’s formula). Let P : R™ — R be a polynomial in m real variables.
Set

—

X :=(X1,...,.Xnm).
Then

—

T[P(X)](w) = / ) P<e—t)2(w) V1o e—%y)n [y], (3.2.16)

where 'y denotes the canonical Gaussian measure on the Fuclidean space R™.

Proof. It suffices to prove the result in the special case when P(X) = Hy(X), a € Ng'. In
this case, the left-hand side of (3.2.16) is equal to
m
T[P(X))(w) = ¢ Ho (X (w)) = [ ] e Ha, (X;(2)).
j=1
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The Fubini theorem shows that the right-hand side of (3.2.16) is equal in this case to
m
H/ H,, (e_th(w) +V1—e2 y)I‘[dy].
j=17%

Thus, to prove (3.2.16) it suffices to prove that

/ H, (e_tx /1 — e 2 y)r[dy] = e ™H,(z), YneNg, t>0, VzeR. (3.2.17)
R

We follow closely the presentation in the proof of [94, Prop. V.1.5.4]. We have the following
useful identities.

Lemma 3.2.24. Define the linear operator

T, Rlz] - Rlz], T,P(z) = /

P(e_tx+ +v1— e—Qty>I‘[dy],
R

Then the following hold.

(i) The operator Ty is symmetric with respect to the L*(T')-inner product on R[z].
(ii) 8,1} = e T},
(iii) T30, = 6,7}

Proof of Lemma 3.2.24. To prove (i) observe that

(TiP,Q) = /R/Rp<e_t$ ++vV1—e2 y)Q(x)F[dy]F[dx] (3.2.18)
Set a =e~t, b=11—e2t so that a® + b*> = 1. We have
(TP.Q) = [ Plar+b)QTa [ dsdy].

Now consider the orthogonal change in variables

x| b a U
yl| | —a b v |’
Since I'y is invariant under orthogonal transformations we deduce

P(az + by)Q(z)Ty [dady | = / P(v)Q(av + bu)T'y [ dudv ] = (P, T,Q).

R2 R2

This proves (i). The equality (ii) follows by differentiating the definition (3.2.18) of T3[P].
The equality (iii) is obtained from (ii) by passing to adjoints, and using the symmetry of T}
proved in (i). 0
Clearly, 731 = 1. From Lemma 3.2.24(iii) we deduce that
T,H, = Ti6"1 = e ™57 Tyl = e ™ H,.

This concludes the proof of Proposition 3.2.23. g
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The semigroup (P;) is a Cp-semigroup of symmetric linear contractions on the Hilbert
space L2(£2). According to Hille-Yosida’s Theorem [130, Sec.1.3] P, has the form P, = e'l,
where L is a closed, densely defined, selfadjoint and nonpositive operator. Moreover, F' is in
the domain of L if and only if the limit

lim - (TtF F)
t\O
exists in L23€( Q) In this case, LF is the above limit.

Definition 3.2.25. The Ornstein-Uhlenbeck operator is the infinitesimal generator L of the
Ornstein-Uhlenbeck semigroup. O

Proposition 3.2.26.
Dom(L) = { F € L3(Q); > n?||Proj, 7> < o0 } =D**(X).
n>0

VYneN, VFeX™: LF=-nF=—§DF.

Proof. Let F € L3(Q). We set F,, = Proj,, F. Then
1 e —1
(TP -F) =3 ——F.
n>0

Now observe that

1
‘%‘gn Vt>0, N eN.
so that
1 2
Ht<TtF—F> < w22
L >0

This proves that if

ZnQHF’ﬂ”%Q < 007

n>0
then

lim (TtF F)

exists in L? and it is equal to
d —nt
YDETTSTAS S
n>0 n>0

Conversely, if the above limit exists in L?, then
1

1 2 2 2
lim <TtF F) N nF, e L2 = Y n?| B3 < co.
n>0 n>0
The equality LF = —nF', f € X' follows from the above discussion. To prove the equality
ODF = n, F € X™ it suffices to consider only the special case when F' = H,(Xq,..., Xk)

Thus
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where (X)) is an orthonormal system and « is a multi-index such that |a| = n. In this case
the equality follows from (3.1.4b). O

Example 3.2.27. (a) Suppose that dim X = n. By fixing an orthonormal basis X,..., X,
of X we can identify L3 () with L*(R",T'y). Then

Lf=Y 02 f=Y aj0nf=(-A—aV)f,
j=1 j=1

for any functionf € C?(R") with bounded 2nd order derivatives. Above, A is the Euclidean
geometers’ Laplacian. In particular, A is nonnegative. O

Definition 3.2.28. We define L™! to be the bounded operator L™! : Li(Q) — L%(Q)
given by

1
L7'F=-) =Proj,F. O
n

n>1

Note that L~! is a pseudo-inverse of L. More precisely, if F' € D??(X) is such that
E[F] =0, i.e., Projy F' = 0, then

L'LF=LL'F=F.
Proposition 3.2.29. Let F € DY2(X). Then for any X € X, || X2 = 1, we have

o0
DxL™'F = —/ e 'TyDxFdt = (L — 1) 'DxF. (3.2.19)
0

Proof. It suffices to prove the result in the special case
F=Hy,(X1,....,Xm),
where {X7,..., X,,} C X is an orthonormal system, X = X, || =n > 0. Note that
DxF =o1Hg(X1,...,Xm), B=(cu—1,00,...,00).

1 o0
:/ e "t
n 0

1

o0 o0 o0
L 'F=_—-F= —/ T,Fdt = DxL 'F = —/ DxT,Fdt = —/ e 'T,Dx Fdt.
n 0 0 0

Using the identity

we deduce

On the other hand
1

(L—1)"'DxF = (L—1) a1 Hg| = "B

1
alﬂg = _EDXF = DxLilF.
O

Proposition 3.2.30 (Key integration by parts formula). Suppose that F,G € D?(X) are
non-constant and g : R — R is a C'-function with bounded derivative. Then

E[Fg(G)] =E[F]-E[¢(G)] +E[¢'(G)- [DG,-DL™'F],]. (3.2.20)
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Proof. Let F| = F — E[F]. Then
E[Fg(G)] =E[F]-E[g(G) ] +E[ FLg(G)].
Since F| = LL™'F we deduce
E[Fig(G)] =E[LL'Fg(G)| = —E[6DL 'Fy(G) ]

2" 5[ [DL7 R Dy(@)] ] "2 ~E[[DLT F4(@)DC], ]

=E[¢'(G)[DG,-DL7'F],].
O

3.2.4. The hyper-contractivity of the Ornstein-Uhlenbeck semigroup. We know
that (7;) defines a Cp-semigroup of contractions L% () — L%(Q).

Proposition 3.2.31. For anyt > 0 and any p € (1,00) the operator Ty defines a contraction
L5(Q) = L2(9).

Proof. We limit ourself to proving that

|TiP||rr < ||P|lrr, VP € P(X).
To see this assume P = P(X), where X = (Xm)m>1 is an orthonormal system in X. Using
Mehler’s formula (3.2.16) we deduce

TIP(X)|(w) = / P(e*ti(ww 1—e—2ty)r1[dy}.

m

Since the function f(z) = 2P, > 0, is convex for p > 1 we deduce from Jensen’s inequality
that

TP < [ PR @)+ Vi) [Taldy].

Invoking Jensen’s inequality once again we conclude that

E[|T,PP] S/RWEHP(e_tX(w)—F 1—e2y) ']y [ay]

- /RmXRm‘ Pletz 4+ /1 - e*Zty)‘pI‘]l(d:L‘)Fu(dy) = / ‘P($) {prll [dx]a

m

where at the last step we used the fact that if X, Y are independent standard normal random
variables and a? + b% = 1, then aX + bY is also a standard normal random variable. O

The semigroup 7; satisfies a hypercontractivity property, namely, for any pg € (1,00)
there exists a strictly increasing, unbounded function p : [0,00) — (0, 00) such that pg = p(0)
and, V¢ > 0, the operator 7; induces a bounded linear map T} : LP° — LP®). We will spend
the remainder of this subsection proving this fact. We denote by I'; the canonical Gaussian
measure on a finite dimensional Euclidean space.
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Theorem 3.2.32 (The log-Sobolev inequality). For any n € N, and any f € WH2(R™, T'y)
we have

P log )T [de] <2 [ [97@)P T [do]
. v (3.2.21)

+ [ 22Ty [de] 10g< (@) Ty [ da] ) ’
Rn R
where 0 - log 0 := 0.

Proof. We follow the presentation in [21, §1.6]. Assume first that f € Cy°(R"), i.e., f and
all its derivatives are bounded. We distinguish three cases.

A. Jc> 0such that f(z) > ¢, Vo € R™ Set p = f2 so that
1

Vf= wvw

and (3.2.21) is equivalent to

1 1
/ plogpdl'y —/ dI'y log </ <pd1“1> < 2/ ;|V<p|2dI‘. (3.2.22)
n n n Rn

Consider the Ornstein-Uhlenbeck semigroup

T, : L*(R",T';) — L*(R™,Ty).
Using the equality (3.2.16) we deduce that

Tilol(x) > ¢, Yz e R", t>0.

Jim Tt[w]loth[sO]Z/ ¢ dI'y log </ sodl“1>

we see that the left-hand side of (3.2.22) is equal to

/ 7 /nTt |log Ti[p] dT|one.

Taking into account the fact that

d
STlg] = LTilg), ¥g € Ci=(R")

_/Ooojt/nTt[sO] log Ti[¢] dT'y
__/OOO/HLTt[w]IOth[go]dI‘]l—/Ooo/nTt[(’D]ELO]CZTt[@]dFH
—/Ooo/nLTt[sO]loth[SO] dT; _/ow/nLTt[‘p] iry.

Since L is symmetric and L1 = 0 we deduce

/ LT,[¢]dT'y = 0.

/sologsodrﬂ—/ sodrlog</ godr]I):—/ /Lmso]loth[sonrﬂ

Since

we deduce

Hence
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:/OO §DTy[¢] log Ty [ ] dTy =/Oo/ (VTi[e], Vieg Ty[] ) dTy
0 JR» 0 "

= [l Ve s

F(t)

Using Lemma 3.2.24 (ii) we deduce
0, Ti[p] = e "T3[0n, 0], Vi=1,...,n,
so that

Flt) = e /R Tio] S (T3[0,¢)) s,

=1

The equality (3.2.16) implies that for any g, h € Cp°(R"™) we have
2
Tilg) < Tullgl] < lgllzoe. (Telgh])™ < Tilg*|Th[R]*.

Hence
e F(t) < e / ) 'V;f‘eru.

The inequality (3.2.22) follows by integrating the above inequality.

B. f € WY2(R™T), f > 0 as. . This case follows from case A by choosing a family of
functions f. € C°(R™), f- > ¢, f- — f in W? and then letting € \, 0.

The general case, f € W1H2(R",T'y), follows from case B applied to |f|. O

Remark 3.2.33. If (2,8, i) is a probability space and f : Q — [0, 00) is measurable function,
then its entropy with respect to p is

E.[flog f] = Eu[f]log EL[f], Ep[log(1 + f)] < oo,
Ent,[f] =
+00, E,llog(1+ f)] = oo.

where 0log 0 := 0. Observe that Ent,,(f) is nonnegative and positively homogeneous of degree
1. The log-Sobolev inequality (3.2.21) can be rewritten as

Entr, [f?] < 2/Rn IV f(2)]’Ty [dz ].

As explained in [87, Sec.5.1], the log-Sobolev inequality leads to rather sharp concentration
of measure inequalities. ad

Theorem 3.2.34 (Hypercontractivity). Let p € (1,00). Define
q(t) :==1+e*(p—1), Vt>0.

Then
ITif Loy < W fllze, Vf € LP(R™,T), ¢ >0. (3.2.23)
Note that q(t) > p, Vt > 0.
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Proof. We follow closely the arguments in [21, Thm. 1.6.2]. It suffices to prove the inequality
for smooth functions f € Cp°(R") such that

c:= wleann f(z) > 0.

Under this assumption the function [0,00) 3 t — G(t) = ||f| L«w is differentiable. The
inequality (3.2.23) reads G(t) < G(0) so it it suffices to prove that G'(t) < 0, Vt > 0.
Applying the log-Sobolev inequality to the function f"/2, r > 0, we deduce
1
Flog fdrs — = [ prar, <log den) <3 [ ViV,
R T JRn R 2 R
r

- 20&_1)/]@ (VL Vf)dly = —2(7,_1)/]1W friLfdry.

Hence, Vr > 0,

1
fMlog fdI'y — — frdry <Iog
R T Rn

We set

r r r—1
f drﬂ) < _2(7“—1)/nf LfdTy. (3.2.24)

R
Pt) = / Ty[f]dTy.
Then G(t) = F(t)/9®") and we have
q'(t)

G'(t) = G(t) <_q(t)2 log

Since ¢'(t) = 2q(t) — 2 > 0 it suffices to show that

F(t) +

F'(t) )
qg)F(t) )

1
—@F(t) log F'(t) + <0. (3.2.25)

Observing that

P = [ @l (denognis + oo A ) ar

we conclude that (3.2.24) is equivalent to

SRR [ (i) s mislars + 4 [ (ni)™ Lnifar <o
This is precisely the inequality (3.2.24) with r = ¢(¢). O

Corollary 3.2.35. Let X C LQ(Q,S,}P’) be a separable Gaussian Hilbert space. Let p > 1,
Then for any t >0, F € LQX(Q] we have

IToF | < |Fllios VF € IPX(Q), q(t) =1+ ¢¥p. (3.2.26)
Proof. Follows from Theorem 3.2.34 and the density of P(X) is dense in L% (). 0
Corollary 3.2.36. Letn € N and F € X™ C L3(Q). Then F € X™ C L%(Q), Vq € [1,00).

Proof. The claim is obviously true for ¢ € [1,2]. Assume that ¢ > 2 Note that T,F = e "' F.
On the other hand T; F € L?e% ( Q) for any t < 0. Hence, if 1 + e > ¢, then e™F € L9. O



232 3. Central limit theorems

We conclude by mentioning, without proof, the Kree-Meyer inequality.

Theorem 3.2.37 (Kree-Meyer). For any p € (1,00), and any k,¢ € Ny, there exist positive
constants c,(k, ) < Cp(k, ) such that

£
ol Fllstsen < (1= L) Fllgts < Gyl Fllprses, VF € A(X). (3.2.27)
O

For a proof we refer to [21, Sec. 5.6], [94, Chap 2] or [126, Sec. 1.5].

3.3. The Stein method

3.3.1. Metrics on spaces of probability measures. Let us recall several concepts of of
pseudo-distances on the spaces of Borel probability measures on R¢.

Definition 3.3.1. Let H be a set of Borel measurable functions R? — R. We denote by
Prob (Rd) the space of Borel probability measures on R

(i) We set

Prob (R4, 3() := { p € Prob (R?); % C L'(R% ) }.
(ii) We say that 3 is called separating if for any y,v € Prob (R?)

p=v<=E,[h] =E,[h], Vhe HNL' (R p)nL' (R v).
(iii) If H is separating and p,v € Prob (Rd, 5‘(), we set
distgc(p,v) := sup‘Eu[h] —E,[h] ’
heXH
(iv) If (Q,8,P) is a probability space and F,G : Q — R? are random variables whose
probability distributions belong to Prob (Rd, H ), then we set
disty(F, G) := distgc (Pp,Pg) = sup|E[h(F) ]| —E[h(G)] |.
heXH

O

It is easy to check that if H is separating, then distgc is indeed a metric on Prob (Rd, ).
Example 3.3.2. (a) If H is the class of functions
I(—oo,cl}Xn-X(—oo,cd]a €1,...,¢4 €ER,

then the resulting metric disty; on Prob (]Rd) is called the Kolmogorov distance and it is
denoted by dist ;-

(b) If K is the class of bounded Borel measurable functions h : R? — [0,1], then I is
separating then the resulting metric on Prob (Rd) is called the total variation metric and it
is denoted by distry .

(c) If 3 is the class of Lipschitz continuous functions R? — R satisfying Lip(h) < 1, where
Lip(h) is the (best) Lipschitz constant of h, then H is separating, the resulting metric is
called the Wasserstein metric and it is denoted by distyy.
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(d) If 3 denotes the class of Lipschitz continuous functions h : R? — R such that
1Al e + Lip(h) <1,

then J is separating, the resulting distance is called the Fortet-Mourier metric and it is
denoted by distgyy.

e - enotes the class o -functions f : — R satistying
If 3 c C2(RY) d he class of C?-functions f : RY — R satisfyi

[flle2 <1,

then I is separating. We denote by dists2 the resulting metric on Prob (]Rd). O

Remark 3.3.3. (a) Clearly
dist o < distpy, distpy < distyy, diStCQ < distyy

Thus
lim diStTv(Fn, F) =0= lim diStKol(Fn, F) =0.
Nn—00

n—0o0

Moreover, if
lim distg o (Fp, F) =0,
n—oo

then F,, — F in law.

(b) Also, one can prove (see [49, Thm.11.3.3] that F,, — F in distribution of and only
if F,, — F in the Fortet-Mornier metric. It is not hard to see that disto2 induces on
Prob (Rd) the same topology as distzys, the topology of convergence in law. Moreover,
(see [34, Thm.3.3]), if N ~ N(0, 1), then

diStKol(F,N) <2 distw(F,N). a

The Stein method provides a way of estimating the distance between a random variable
and a normal random variable. I will present the bare-bones minimum referring to [33, 34,
137] for more details and many more applications. For more recent developments I refer to

[14, 90]. I am following the presentation in [124, Chap.3,4]. It all starts with the following
simple observation.

3.3.2. The one-dimensional Stein method. Suppose that N ~ N(0,1) and g € D"2(R),
i.e., g(N),g'(N) € L% Then
[ (=@ + 2g(@)Ts(do) = [ 8.9()- 1 Ta(dn) = [ (o) (@11 (d) =,
R R R
so that
E[Ng(N)] =E[d(N)], Vg € D"*(R). (3.3.1)
It turns out that the converse is also true.

Lemma 3.3.4 (Stein’s Lemma). A random variable X is a standard normal random variable
if and only if for all g € CY(R) such that ¢ € L*(R,T'1) and

E[Xg(X)] =E[¢'(X)]. (3.3.2)
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Proof. The necessity follows from Proposition 1.1.4. To prove the sufficiency note that
ussing (3.3.2) with g(z) = 2%, k= 0,1,..., we deduce
E[ X" ] =kE[X*'], VE=0,1,2,....
This proves E[X] =0, E[Xz] =1 and that
-l = 0 mod 2
E[X"]: (n=D n o 7:/:13”1"1(6133), Vn=1,2...,
0, n =1 mod 2 R

The conclusion follows from the fact that the normal distribution is uniquely determined by
its moments. g

Stein’s lemma suggests that for a random variable X the quantity E[X f(X) — f/(X) |
should give an indication of how far away is the distribution of X from the normal distribution.

Definition 3.3.5. Let N ~ N(0,1) and h € L?(R,T'1). The Stein’s equation associated to h
is the o.d.e.

g (z) —xg(x) = h(z) — / h(z)T'1(dz) = h(z) — E[h(N)]. (3.3.3)
=—0z9(x) .
We set h (z) := h(x) — E[h(V)] so that
E[h (N)]=0. O

Observe that Stein’s equation can be rewritten as
eéaw(e_ég(x)) =h, (z), (3.3.4)
If g1, g2 are two solutions of the linear equation (3.3.4), then
ex2/2(gl (z) — g2(z) ) = constant.
This implies immediately the following result.

Proposition 3.3.6. The general solution of (3.3.3) has the form

o0) = gnole) = e +e% [ hi@e Fay, zeR (3.3.5)
—0
where ¢ € R is an arbitrary real constant. Moreover the solution
n(T) = ghe=0 = e% /; hJ_(y)e*%dy (3.3.6)
is the unique solution g(x) of (3.3.3) such that
mgrfoo e_ég(x) =0. (3.3.7)
O

If now F' is a random variable, then integrating the equality
Gh(@) — 2gn(x) = h(z) — E[A(N)]
with respect to the probability distribution of F' we deduce
E[h(F)] - ELh(N)] = E[ gy(F) — Fan(F)]. (3.3.8)
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Thus, if H is a separating collection of Borel measurable functions h : R — R we deduce
distg(F, N) = sup| E[ g;,(F) — Fgn(F)] |. (3.3.9)
heXH
We want to use the above equality to produce estimates on the Wasserstein distance between
two Borel probability measures on R.
Proposition 3.3.7. Let h : R — R be a Lipschitz continuous function. Set K := Lip(h).
Then the function gp given by (3.5.6) admits the representation

gn(@) = — /OOO \/::—G_%E[h(e_t:c +V/1— e2N)N]dt. (3.3.10)

Moreover, gy, is a C* function and
, 2
lgn]lco < ;K. (3.3.11)

Proof. Since 0 < h < 1 we deduce from the equality (3.3.6) coupled with the Mills ratio
inequalities (1.1.2) that g, € C}(R)

2
wup g4 < |/ 2K
z€R ™

Clearly 0,h € L*(R,T'1). We have g} (z) = h(z) + zgn(z) € DY(R) so g, € D*?(R). From
the equality —d,g9, = ¢'(x) — zg(x) = h and we conclude that

—0z0.9n, = O:h a.e. on R.
Using the identity [0y, d,] = 1 we deduce —0,0, = —1 — 6,0, = (L — 1). Thus
(L - ]l)gh = 6xh
Since g5, € D*?(R) we deduce
gn = (L —1)"19,h OEY / e~V [0, h)dt
0
Using Mehler’s formula (3.2.16) we deduce
B0, () = [ H(eat V/T= ey (dy),
R

We set uy := etz + /1 — e2ty and we observe that for fixed = we have

d du 1 d
—h(ug) = T =V1—e 2B (uy) = b (ug) = —h(ug).
(ug) = —e (ug) = h'(ug) = Nier=t" (ug)

Hence

Ty[0.h] () = h(uz)T1(dy) =

m/ m/ (uz)y T1(dy)
=L E[n(e et VI N)N].

1—e 2
This proves (3.3.10).
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Clearly gj, is a C''-function. To prove the estimate (3.3.11), we derivate (3.3.10) we respect
to x and we deduce

e8] 6_2t » —

Since |h'| < K we deduce

| /(x)‘<KE[|N|]/°°e_2tdt_K\/§/ldv_K 2
9h - 0 \/1—6_2t B ™ Jo 2\/1—1}_ T

O

From the above proposition and the equality (3.3.9) we obtain immediately the following
useful result.

Corollary 3.3.8. Let N ~ N(0,1). Then for any square integrable random variable F we

have
distpas (F, N) < distw (F, N) < sup |E[¢'(F) — Fg(F)] |, (3.3.12)
geETw
where
2
Fw = {g e C'R); ||¢'|lo < \/;} (3.3.13)
O

3.3.3. The multidimensional Stein method. The Stein method has a multidimensional
counterpart. To describe it we need to introduce some notation. Denote by End(R™) the
space of linear operators R” — R™. We define the Hilbert-Schmidt inner product on End(R™)
to be
(A, B)us :==tr AB* =Y AyBij, VA, B € L(R").
i,
The next result generalizes the one-dimensional Stein lemma

Lemma 3.3.9 (Multidimensional Stein lemma). Let d € N and C € End(R%) be a symmetric
operator such that C > 0. Let N = (Ni,...,Ng) be a random d-dimensional vector. Then
the following statements are equivalent.

(i) N ~N(0,C)
(ii) For any C?-function f : R — R with bounded first and second order derivatives we
have

E[(N,Vf(N))]=E[(C Hess f(N)) (3.3.14)

usl:

Proof. (i) = (ii). If C' > 0, then the implication follows from an immediate integration by

parts and the equality
1

Vdet(27C)

The general case follows from the general case applied to the nondegenerate matrices C. = C'+€1
and then (carefully) letting ¢ — 0.

I'c(dz) = e 2(Cm) .
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(ii) = (i). Fix G ~ N(0,C) independent of N and a C? function f : R? — R as in (ii). We
set

o(t) =E[f(VIN + V1 —tG)].

Then
e(1) =E[f(N)], ¢(0)=E[f(G)]
and thus
1
E[f(N)] - E[f(G)] = /O o (1)t
:/1E[(Vf(\/£N+\/1—tG) N)]‘”—/lE[(Vf(\/iNJm/l—tG) G)] at
0 ’ 2Vt Jo ’ 21—t

Using (3.3.14) we deduce by conditioning on G that, for any = € R?, we have

E[(VF(VIN +V1—tx),N)| = VIE[(C,Hess f(VIN + V1 —tx),].

::h;Za:,t)

Since G' ~ N(0, O) it satisfies (3.3.14) and, conditioning on IN, we deduce that for any = € R?,
we have

E[(Vf(Viz +VI—1G),G)] =E[(C Hess f(Viz + V1 —1G) ) ;g] .

=:ha(x,t)

Integrating hi(x,t) and ho(x,t) respectively with respect to the law of G and the law of N,
and then integrating with respect to ¢ we deduce that

E[f(N)] =E[f(G)],

for any C?-function f : R — R with bounded first and second order derivatives. Since the
class of such functions is separating we deduce that N ~ G ~ N(0,C). ]

Definition 3.3.10. Let N ~ N(0,14) and h : R" — R a measurable function such that
E[[h(IN)|] < oo. The Stein’s equation associated to h and N is the p.d.e.

d
Lf(m) = -Af(z) —x Vf(z) = h(z) - E[L(N)], A= 0;. (3.3.15)

j=1
Observe that if h: R? — R is a Lipschitz continuous function, then the function
hy(x):= h(x) —E[h(N)] € L>(R%,T) and / hy (x)T(dx) = 0.
R4

Thus, h, lies in the range of the Ornstein-Uhlenbeck operator L : D??(RY) — D%2(R9) so
there exists a unique function f; € D*2(R?) such that

Lfp(z)=hi(z) and y fn(@)T(dx) = 0.

More precisely, f,, = L~'h = L~'h; . We can now state the multidimensional counterpart of
Proposition 3.3.7.
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Proposition 3.3.11. Let h : R — R be a Lipschitz continuous function. Then the function
fo=L'h=L"'h,

is well defined, C? and admits the representation
fu(x) = _/ Tylhy ]dt = / E[A(N)—h(e 'z +V1-e2N)]dt (3.3.16)
0 0

Moreover, if Lip(h) < K then,
sup || Hess fu(z) [|ns < K V. (3.3.17)

xcRd

Proof. Let h, € L?(R% T) be the n-th chaos component of h(z). Then, in L?, we have the
following equalities

h(z) =) ha(z), hi(z) =2 ha(@),

n>0 n>1

Ly (@)=Y %hn(x) _ Z/OOO e~ (z) = — /OOTt[hl]dt.

n>1 n>1 0

This proves the first part of (3.3.16). The second part of this equality follows from Mehler’s
formula. The C2-regularity of f}, is a consequence of basic elliptic regularity results.

To prove (3.3.17) we observe that

_ o e —ty o/ —2t

2
8£Ei$

Thus, if B € End(RY), we have

| (B,Hessfh(:c))HS‘ = Zagﬂjfh(w)

Y]

:‘/wat%E[(BN,Vh(e_t:c+ 1—e2tN)”dt‘dt
o V1—e

[e%¢) —2t
< HVhHOOE[\BN\Rd}/O \/%e_%dth\/&,/E[\BN@d},

because ||Vh|so < K+v/d and

o] e—2t
/ T g=1
0 R /1 _ e—2t

A simple computation shows that
2
E[|BN [5.] = I1BI%s.

This completes the proof of (3.3.17). O

Proposition 3.3.11 admits the following immediate generalization.
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Proposition 3.3.12. Fiz a symmetric positive definite operator C € End(RY). Denote by
Amin(C) and respectively Amax(C') the smallest and the largest eigenvalue of C. Fix a random
vector N ~ N(0,C) and a Lipschitz continuous function h : R? — R. Set K := Lip(h). Then
the function

fn(x) = /OOOE[h(N) —h(e e +V1—e2N)]dt (3.3.18)
is well defined, it is C? and satisfies the Stein’s equation
(c, Hess f () )HS — (¢, V(@) = h(z) — h(N). (3.3.19)
Moreover
dAmax(C)

sup || Hess fu(z) [|[ns < K (3.3.20)

seRd Amin(C)

Main Idea. The above proposition can be obtained from Proposition 3.3.11 by choosing an
orthonormal basis f,..., f,; of R? that diagonalizes C,

ka:)‘k;fka k:]-aada O<M<--- <\

The last result implies the following multi-dimensional counterpart of Corollary 3.3.8.

Corollary 3.3.13. Fiz a symmetric positive definite operator C € L(R?) and a random
vector N ~ N(0,C). If F is a square integrable R%-valued random variable, then

distpar(F, N) < disty (F, N) < sup E[(C, Hess f(F)) s — (F. Vf(F))} (3321
f€Fq
where Fy consists of the C%-functions f : R* — R satisfying (3.3.20) with K = 1. O

3.4. Wiener chaos limit theorems

The classical central limit theorem states that if (X,),>1 is a sequences of independent
random variables, with mean zero and variance 1 then the random variables

1 14
F, = — X,
e

converge in distribution to a standard normal random variable. It classical proofs rely in an
essential manner on the independence assumption. We will use the methods developed in
the previous sections to prove central limit theorems involving sums of dependent random
variables but such that long distance correlations are small, i.e.

lim sup‘ Cov [Xn,XnJrk] ‘ = 0.

c—=infty neN

The presentation is heavily inspired from the monograph [124]. For a continuously updated
list of applications of this technique we refer to the webpage maintained by Ivan Nourdin

https://sites.google.com/site/malliavinstein/home
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3.4.1. An abstract limit theorem. Fix a separable Gaussian Hilbert space X C L?(2, 8, P).
As usual, we set L3 (Q) = F(X) = L*(, 8x,P) and we denote by Proj, the orthogonal pro-
jection onto the n-th chaos X*™. For any number N € Ny we set

Projey = €P Proj,, Proj.y =1 - Projoy.
0<n<N

For F € L%(Q) and n € Ny we denote by Var,(F) the variance of Proj, (F). We have
Var(F) = Z Var,, (F),

n>1
and we set
N
Var<y := ZVarn [F], Vars y [F] = Z Var, (F) = Var [F] — Varcy [F]
n=1 n>N

We begin by describing a simple sufficient condition guaranteeing the convergence in law to
a normal random variable of a sequence of random variables in L23€( Q )

Proposition 3.4.1. Consider a sequence of random variables (F,),>1 in L%(Q) such that
E[F,] =0, Y,
i.e., Projy(F,) = 0, Vv. Suppose that the following hold.

(C1) For any n € N, the sequence of variances Var, [ F, | converges as v — oo to a
nonnegative number vy,.
(C2) The sequence

Vi :=sup Vars y [Fl,]
v>1

converges to 0 as N — oo. In other words, as N — oo, the “tails” Proj. y I,
converge to 0 in L?, uniformly with respect to v.

(C3) For any N > 0 the sequence of random variables Projy(F),) converges in law to a
normal random variable.

Then the following hold.

(i) The series Y, ~q v, is convergent. We denote by v its sum.

(ii)
lim Var [FV] = .

V—00

(iii) Asv — oo, the random variable F,, converges in law to a random variable Fiso ~ N(0,v).

Proof. (i) Fix € > 0. We can find N(e) > 0 such that for any N > N(e) we have Vy < e.
For all n > m > N(e) we have

> Varg [F,] <) Varg [F,] <Vy<e
k=m k>N

which shows that

Vn > M > N(e): ka: lim ZVark[Fl,] <e.
k=m k=m

V—00
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To prove (ii) observe that for any N > 0 we have

’ Var[F,,] —v| < Z ’|Varn [Fl,] — vy,

+ > Varn(F,)+ Y vn

n<N n>N n>N
< Z ‘Varn(Fl,) —vp| + VN + Z U,
n<N n>N

This proves that
limsup} Var [Fl,] —U] < Vn+ Z Up, VNN > 0.

_)
y=eo n>N

The conclusion (ii) is obtained by letting N — oo in the above inequality.

(iii) Let X € X, || X|| = 1, so that X € N(0,1), /v X € N(0,v). We will show that for any
bounded Lipschitz function h : R — R we have

lim E[h(F,) ] =E[h(vvX)]. (3.4.1)

V—00

Observe that if v = 0, we deduce from (ii) that F, — 0 in L? so F, converges in law to
the degenerate normal random variable with variance 0. Assume v > 0. Without loss of
generality we can assume v = 1.

Fix a bounded Lipschitz function h : R — R and set
K :=||h||s + Lip(h).
For N > 0 we set
GuN = ProjSN(Fy), H,ny =F,—Gyn = Proj. n(F),)
UN = Z Un, ON = +\/UN

n<N

so that, as v — oo G, v converges in law to oy X and H, y converges in L? to 0.
E[A(F)] - E[a(vo X)] | <|B[A(E)] - E[A(Gux)] |

+’E[h(GV7N)] —E[h(onX)] ’ n (E[h(aNX)] —E[h(V/vX)]. ‘
Now observe that

B[ (Goy + Hun) = 1(Gun) |]| < KE[ |y |] < K| Ho

|| 2 = 0. Jim [E[h(Gu)] - E[h(onX)] | =0,

so that
limsup| E[A(F,)] ~ E[n(X)] | < |E[h(oxX)] - E[a(vo X)] |

v—00

Letting N — oo we deduce

lim [E[R(R,)] ~E[h(vvX)] | =0,

V—00

for any bounded Lipschitz function h. This proves (iii).
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In the remainder of this section we will explain how to combine the Stein method with
the Malliavin calculus to prove central limit results of the type described in Proposition
3.4.1, with condition C3 replaced by one that is easier to verify in concrete situations. These
techniques were pioneered by D. Nualart and G. Peccati in [127] and have since generated a
lot of follow-up investigations®; see e.g. [123, 125] and the references therein. We follow the
presentation in the award winning monograph of I. Nourdin and G. Peccati, [124].

3.4.2. Central limit theorem: single chaos. The following proposition is the key result
in the implementation of the Stein method in the Wiener chaos context.

Proposition 3.4.2 (Key abstract estimate). Let F' € DV2(X) such that
E[F]=0, E[F?] =1
If g: R — R is a Lipschitz function and K = Lip(f), then

E[g'(F)] ~E[Fg(F)]| < K- |E[ (1~ (DF,-DL7'F),) )] || (3.4.2)

Proof. Note first that ¢’ is defined only a.e.. However, according to Theorem 3.2.10, F is
nonconstant so the law of F has a density, and thus the random variable ¢'(F) is a.s. well
defined. Using the integration-by-parts formula (3.2.20) with F' = G we deduce

|E[¢'(F)] —E[Fg(F)]| = E[g’(F)(l— (DF, —DL*lF)xﬂ )

<k-|E[(1-(DF,-DL7'F),) ) ]|

Corollary 3.4.3. Let F € DV2(X) with E[F] =0, E[F?] =02 > 0. If N ~ N(0,0?), then

. 2 -
distw (F, N) </ —3 E[|o® — (DF,-DL7'F),|]. (3.4.3)

If, in addition, F € DY4(X), then

E[|o® ~ (DF.-DL7'F),|] \/Var[ (DF,~DL'F)|. (3.4.4)

Proof. The case o = 1 follows from Corollary 3.3.8 and the inequality (3.4.2). The general
case of (3.4.3) follows from the case o = 1 applied to the new random variable o' F.

To prove (3.4.4) we observe that

E[|o® = (DF,-DL7'F) || < VE[ (02— (DF,-DL'F), ) ].
From the integration by parts formula (3.2.20) we deduce that
E[ (DF, —DL—lF)x} -
so that,

E|(0® — (DF,~DL™'F),)*| = Var| (DF,~DL™'F)|.

8lvan Nourdin maintains a site dedicated to this novel way of approaching limit theorems
https://sites.google.com/site/malliavinstein/home.


https://sites.google.com/site/malliavinstein/home

3.4. Wiener chaos limit theorems 243

To show that the above variance is finite observe that

E|(DF.-DL7'F)%| < \/IE[HDFH‘H ~\/IE[HDL1F||§€]

The Kree-Meyer inequalities (3.2.27) imply that the quantities in the right-hand-side above
are finite. O

Remark 3.4.4. The method of proof of Proposition 3.4.2 and the statement of Corollary 3.4.3
rely on the assumption ¢ > 0 which may not be easy to verify in some concrete situations. O

Proposition 3.4.5. Let F' € DY(X) such that E[F] = 0, E[F?] = 0% If h € CZ(R) and
N ~ N(0,0?%), then

|E[h(F)] - E[h(N ]\< 17" |oo - E H(DF7—DL_1F)3E)—J2H. (3.4.5)

In particular, if F € DY, then

distes (F, N) < %EH [DF,~DL7'F],) = o*|] < ;\/Var[ [DF,~DL-'F],|. (3.46)

Proof. The results is obviously true if 2 = 0 so we can assume that o2 > 0. We set

h( e ltor ++/1— e—QtF) ]dx.

o= [ B

Note that
p(o00) =E[W(EF)], ¢(0) =E[h(N)],
so that -
E[h(F)] — E[h(N)] = /O S (t)dt
We have

S0/(75) = e\;;E {/ h/(e_thrmF)xe—gdx}
s —
—2t
— e Y

Performing an usual integration by parts in the first integral and using the Malliavin inte-
gration by parts formula (3.2.20) in the second integrand we deduce

e—2t0.2 00 22
ot =— Nors E [/ (e tox++1— e—QtF)e_zdx}
T —00
2 [ e ) ')l
W'(etor+V1—e2F)(DF,—-DL ' F), |e 2dx
X
—2t 00 2
- f/T E[h”(e‘tox +V1=eF) . ((DF,-DL7'F) = o* ) |e T do.
T J—c0o
We deduce

E[h(F)] —E[h(N)]

:/OO e;z;t/mE{h//(eth+ MF> . ((DFa_DLle)%—ﬁ)}e*%dx_
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We reach the desired conclusion by observing that

IEHh”(e_taac+ 1- e*2tF> H < ||h")| 0, V.

Observe that when F € ¥'%, ¢ > 0, then F' € D"* and
_ 1
(DF,—DL7'F), = 6HDFH‘g;.

In this case we can provide more detailed information. This will require a bit of It6 calculus
and a bit more terminology.

Given p,q € N and r € Ny such that » < min{p, ¢} we define the map
Ry 1 XOP x X1 — g8

to be the unique continuous bilinear map such that
T
(1@ 0X)e Ne-oY)=|][[E[XY] ]| Xine  0X,0Yme Y,

This induces a map
X, : XOP x ¥04 _ xOp+e—2r)
to be
ul,v = Sym[u R v], Yu € X9P, v e X9,

Remark 3.4.6. If W : L? ( T,M, ,u) — X is a white noise isomorphism, (7, M, ) convenient
probability space, then we can isometrically identify X®? with the space L?(T?, M, P ).
Thus we can view f € X®P and g € X®? as L?-functions

f:TP =R, g:TT—R.
Then f ®, g can be identified with the function
fRg: TP7"xT?T" >R
given by
S g(@rgs - @, Yrs1s - -+ Yg)
- flt, .t @pgr, oo xp)g(tn, oot Yr, - ..yq),u®r[dt1 e dtr].

We set
X9 =Sym|[fK,g].
Recall that H®¢ denotes the g-the symmetric tensor power of H.

Lemma 3.4.7. Letqe N, ¢>2 and f € LQ(T,M,M)@. Set F' = J,[f]. Then the following
hold.

2
T RT) 3 i () E Ny (347

r—
r=1

1 1 & 2 )
Var (q” DF||§€) 2 Z ( > (29 — 2T)!||f®rf”§g®(2q—2r), (3.4.7b)
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q—1 2
2] 3 q -
B[F] 38 *]= 2 Y2007 (7) 20— 200 178 s
i , = (3.4.7c)
q 2 2q—27“ ~ 2
=@ () (178 A Moirsn + (P22 NI s )
r=1

Var<;||DFH§E> < qg‘ql (E[F'] - 38[F*]")| < (q—l)Var<;l]||DFH§€>. (3.4.7d)

About the proof. Let us point out that (3.4.7b) follows immediately from (3.4.7a) via the
isometry (3.1.41). The inequality (3.4.7d) follows immediately from (3.4.7b, 3.4.7c). Thus it
suffices to prove only (3.4.7a) and (3.4.7¢).

To prove (3.4.7a) it is convenient to consider a more general problem, that of finding the

chaos decomposition of
[DF,DG]%, F,.GeXx?
We write F' = J,[f], G = Jplg], f,g9 € X9%. Using the polarization trick we can reduce the
problem to the special case
f=X%, g=Y% X YeX E[X*]=E[Y?]=1

Thus

F=H,X), DF =qH, 1(X)DX,

G=H,Y), DG=qH,1(Y)DY,

(DF,DG), = ¢’Hy1(X)Hy_1(Y)E[XY].

The equality (3.4.7a) now follows by invoking (3.1.29), (3.1.30) and the isometry equality
(3.2.13).

The proof of (3.4.7¢) requires a bit more work. The hardest part is the 2nd half of this
equality. It is based on the (non-obvious) elementary identity

q—1

2
0B sy =2 s+ (@) X (*) 17 f s, FEXT] (348)

r=1

A convenient way to prove this is to use a white noise isomorphism as in Remark 3.4.6. We
refer to [124, Lemma 5.2.4] for details. 0

Corollary 3.4.8 (The fourth moment theorem, [127]). Suppose that F € X', ¢ > 2 and
E[F?) = 0? > 0. Then for N € N(0,0) we have

disty (F, N) < i\/\/ar< ;THDF\@) < i\/@q - 2)(1['33[754] —3). (3.4.9)

Thus, given a sequence (Fp)p>0 in X%, ¢ > 2 and N ~N(0,0) the following statements are
equivalent.

(i) The sequence (Fy)n>0 converges in probability to N.
(i) Asn— oo, E[F2] —» E[N?] = o®and E[ F1] — E[N*] = 30,
(iii) If By, = Jg[fnl, fn € X9, then
Jim £y fullgo@e—2y =0, ¥r=1...,q—1.
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(iv) Var(||DE,[*)— 0 as n — oco.
Proof. In this case we have
_ 1 2
(DF, -DL 1F)3€ - QH DF Hx

The desired conclusions follow from Corollary 3.4.3, (3.4.7b) and (3.4.7d). O

3.4.3. Central limit theorem: multiple chaoses. The results proved in the previous
subsection have a multidimensional counterpart. The next result, is the multi-dimensional
counterpart of Proposition 3.4.2 and Corollary 3.4.3

Proposition 3.4.9. Fiz d > 2 and let F = (F,...,Fy) be a random vector such that
Fy,...,Fy € DY(X) with E[F;| = 0, i. Let C € L(RY) be a symmetric positive definite
operator and let N ~ N(0,C). Then

d
disty (F, N) < M > E[(Cy - (DF,-DL'F),)* | (3.4.10)
ij=1

Proof. Let M be the random operator M : Q — £(R?) with the (i, j)-th entry given by
M;j == (DF;,~DL™'F),.

Arguing as in the proof of Corollary 3.4.3 we deduce that M;; € L? since F;, F; € Db4(X).
For g € C?(R%) such that

dAmax(C)
sup [Hess g(2) [ s = 0000
we have
d
| E[(C.Hess g)us(F) — (F, Vg(F))g] | = S CuE[,,9(F)] — 3" B[ Fog(F)]
i,j=1 i=1
(use the integration by parts formula (3.2.20))
d d
Z CUE[agzm]g(F)] - Z [agm] ( )(DFJW*DL_IF%‘):{]
i,j=1 6,j=1

d
3" C,E[82, 9(F)(Cyj — (DFj, ~DL™'F))x ]
ij=1

- \E{(Hessgww—M s ys VEL I Hess g(F)35] - /E[IC = Ml

VPl €) wa [11C — Mis].

mll’l

We conclude by invoking Corollary 3.3.13. a

The next result, is the multidimensional counterpart of Proposition 3.4.5 and explains
what to do when the covariance matrix C' is possible degenerate.



3.4. Wiener chaos limit theorems 247

Proposition 3.4.10. Fiz d > 2 and let F = (Fy,...,Fy) be a random vector such that
Fi,...,F; € DM(X) with E[F;] =0, i. Let C € L(R?) be a symmetric, nonnegative definite
operator and let N ~ N(0,C). Then for every h € C*(R?) such that ||h"|ls < 0o we have

d

|E[h(F)] —E[h(N)]] < ;h”mJ - E[(Cij - (DFj,—DLlei)%)Q} (3.4.11)

3,j=1

Proof. Without any loss of generality we can assume IN is independent of the Gaussian
space X. Let h as in the statement of the proposition. For ¢ € [0, 1] we set

U(t) :=E[n(VI—tF +VtN)].

Then
1
E[h(N)] — E[MF)] =¥(1) — ¥(0) :/0 W' (t)dt
We have
1
ZE[@ h(VT—tF +VtN) <2\/ mF”

At this point we want to use the following elementary but useful identity.

Lemma 3.4.11. If f = f(y1,...,yq) : R? = R is C with bounded derivatives, N~ N(0,14)
and T, S € L(RY), then

d

E[f(SN)(TN )] => E[0y f(SN)(TS" )], (3.4.12)
k=1

where (T]V)Z denotes the i-th component of the random vector TN and (T'S*)y, denote the
(i, k)-entry of the matriz T'S*

Proof of the lemma. We have
d
E[f(SN)(TN);] =) E[f(SN)T;N;]
j=1
(0; = —On, + Nj)

FSN)T;6;(1)]

'M&

(integrate by parts using the equahtles ON; = Dk OyuON, Uk, Yk = Zj SkiNj)

d
=Z E[y, f(SN)SyTy) = S E[8y, (SN TS5 ].

]:1 k=1 k=1

Now observe that if f : RY — R is a C'-function with bounded derivatives, and N ~ N(0, 14)
is such that, N = v/CN, then (3.4.12) shows that

d
E[f(N)N;] =E[f(VCN)(VCN);] =) "E[9,,f(SN)Cy]. (3.4.13)
k=1
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We have
E| 9, h(VI—tF + \/EN)NZ-] ~E, [ E[amh(m —tx+ VEN)N

=)

(3.4.13) \/izd:E:c [ Cij]E[agixjh(mw + \/iN)‘F = m] ]
=1

—\/ZC”IE[ (\/anL\/N)}

Using the integration by parts formula (3.2.20) we deduce

E[&rih(mF+ \/ZN)FZ-] - Em[E[amih(mF+ Viz)F,

=

_ \/ﬁiuam [ E[&ﬁixjh(\/mF +Viz)(DF;, —DL*lpi)x)N - a:} }
j=1

d
— iz tZE[aimjh(\/l —{F +ViN)(DF, —DL*IFZ-)%}
j=1

Hence

We now have (almost) all the information we need to prove the following remarkable
result.

Theorem 3.4.12. Letd > 2 and qi,...,qq4 € N. Consider the d-dimensional random vector
F=(F,.. Fy), FeX?% i=1,...,.d.

Let f; € X°% such that 1,,[f;] = F;. Denote by C the covariance matriz of the random vector
F, C;j; = E[F;Fj], and let N ~N(0,C). Consider the continuous function

Y:(RxRsg)=R>0

given by

d
V(1,915 Tds Yd) = Z 5qi‘1j (
i,j=1
min qzaqj
+Z Oaia; ( (2y51)* il ++ Z \/ q1+q]—2r)( )w)
i,j=1
and set

m(F) = (ma(F1) — 3ma(F1)?, ma(Fy),. .., ma(Fy) — 3ma(Fy)* ma(Fy) ),
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where we recall that my(X) denotes the k-th moment of a random variable X . Note that
w(xlv Yi,..., 24, yd)xl:m:xd:(] = 0.

Ifh:RY = R is a C? function with bounded second derivatives, then

[E[A(F)] ~ E[h(N)]| < 5 I |scm(F).

The main ideas. We plan to use Proposition 3.4.10 so we need to estimate from above the
quantities

2 1 2
E|(Cy— (DF,-DL7'R), ) | =E| (EIRF] - —(DF,DF), ) |.
4qi
Note that C;; = 0if ¢; # ¢;. Thus, we need to produce suitable upper estimates for quantities
of the form

Ela- L(DRDO):|. Fexv, Gex®, acR
p
This is what the next lemma accomplishes.

Lemma 3.4.13. Let F = TJ,[f], f € X®P and G = J,[g], g € X®, p,q > 1. Suppose that «
is a real constant.

(i) If p=q, then
E[(a— 1(DF,DG)ag)Q} < (a—E[FG])°

p

o p—1 (3.4.15)

4
p p—1
2= 0172 o= 201 By A + g By gl )

r=1

(ii) If p < q, then

i 2
B[ (1 (0r06)) ] < 092(" 7)) @ pl 1o 9 By gl

PR~ p—1\?(q—1\"
=07 T0) (Y1) Gk o 20U By B+ LBy glen )

2 r—1
(3.4.16)

r=1

Main idea of the proof. The lemma follows from the identity

min(p,q) 1 (-1
(DF.DG ), =g Z (r—1)! (7«_1)( 1)Jp+q 2r[f B4 9],
which can be reduced to the equality (3.1.29). For details we refer to [124, Lemma 6.2.1]. O

Using (3.4.7c) we deduce that for any ¢ > 2 and any f € X®9 we have

17 80 Mo < U (R 710] - L °T).

Theorem 3.4.12 now follows from the above lemma after some simple algebraic manipulations
O
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Theorem 3.4.12 implies the following remarkable result.

Theorem 3.4.14 (Peccati-Tudor, [132]). Let d > 1 and qi,...,q4 € N. Consider the
sequence of d-dimensional random vectors
F,=Fin,....Fip), FjnecX¥, j=1,...,d, neN.
Suppose that C € L(RY) is symmetric and nonnegative definite and
lim E[F;,Fj.]| =Cij, Vi,j=1,...,d.

n—oo

Then the following statements are equivalent.

(i) The random vector F',, converges in probability to a Gaussian vector N ~ N(0,C).

(ii) For each j = 1,...,d the sequence of random wvariables (Fm)
probability to a Gaussian r.v. N; ~ N(0,Cy;).

neN CONnverges in

The above result leads to the following substantial strengthening of Proposition 3.4.1

Theorem 3.4.15. Consider a sequence of random variables (F,),>1 in Li(Q) such that
E[F,] =0, Vv, i.e., Projy(F,) =0, Yv. Suppose that the following hold.

(C1) For any k € N, vy, > 0 such that
2
ulggoE[ (PI’OJk Fy)) } = 0k Vk-
(C2) The sequence
2
Vy = sup Z E[ <Pr0jk Fy) }
vzl SN
converges to 0 as N — oo.
(C%) For any k € N
4
. . _ 2
ulggoE{ (PI‘OJk Fl,) } = 3vj,.
(C3)
Then the following hold.

(i) The series ), <, vy is convergent. We denote by v its sum.
(i)
lim Var(F,) =v.

V—r00

(ili) Asv — oo, the random variable F,, converges in law to a random variable Fso ~ N(0,v).

Remark 3.4.16. (a) The fourth moment theorem (Corollary 3.4.8) shows that the conditions
C) + C% are equivalent with the requirement that, Vp € N, as v — oo the random variables

p
Proj=P(F,) = Z Proj;[F)]
k=1

converge in probability as ¥ — oo to a normal random variable with mean zero and variance
v1 + -+ + vp. This is condition (C3) in Proposition 3.4.1.
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(b) If we write
Proji[F] = Jklfurl, for € X",
the Corollary 3.4.8 shows that the condition C¥ is equivalent to

lim || £, &8 forllxoea-2n =0, VE>1, Vr=1...,k—1
V—00

3.5. The number of critical points of Gaussian
functions on Euclidean spaces

Suppose that a : R — R is an even Schwartz function such that a(0) = 1. Consider the
isotropic Gaussian function ®, defined in Example 1.2.35.

More precisely consider the finite Borel measure p € Meas(R™)

p[de] = pa] d€] = @wa,m(f)x[dﬂ, wom (€) = a(l¢])*.

Its characteristic function is the nonnegative definite function defined by (1.2.30),

(o) = Ka(e) = [ O ali] = g [ Sallel)"ALae)

The function (z,y) — Ku(x — y) is the covariance kernel of ®,.

For R > 0 we set
ap(t) :=a(t/R), VteR.
Consider the finite Borel measure pff € Meas(R™)

W[ de] = !

1 2
— m AldE | = —— R)"A|dE).
(27T)mwaR7 (&) [ é} (QW)ma(lf‘/ ) [ f]

Note that as R * oo the measure uf converges vaguely to (27)~™A\. Its characteristic
function is the nonnegative definite function

KI(@) = o [ allel/R) s = moay (o) 51)

We deduce that K (x —y) is the covariance kernel of the Gaussian function

ol (x) := R™*®4( Ra).







Chapter 4

Random Morse
functions on compact
Riemann manifolds

In this last and main chapter of the book I will discuss the main character that interested
me all along. To any amplitude a and Riemann metric g on a smooth compact manifold M
we will canonically associate a smooth random function FY.

Fix the metric g and look at its “inflations” g(R) = R%g, R /* co. The metric g(R) is
flatter and flatter as R * co. and we set Fft := Fé’(R). When M is the m-th dimensional
torus and g is the canonical flat metric of volume 1, these functions coincide with the random
functions FF constructed in Example 1.2.31.

To FI' we associate the random measure €% defined by

= D fl),

dFE(z)=0

for any bounded Borel measurable function f : M — R. One of the main goals of this chapter
is to prove a universality theorem stating that as N 3 N — oo the random measures N%Qév
converge a.s. and L? to the deterministic measure Cp,(a) vol, where vol, denotes the volume
element on M determined by g. We view it as a finite Borel measure on M. The constant
Cpn(a) is described in (2.3.26). When M = T™ and g is the canonical flat metric of volume
1 this result specializes to our earlier Law of Large Numbers, Corollary 2.5.10.

The Gaussian function FJ* has the same critical set as the function R™/2FF. On the
other hand the random function R™/2Ff converges to the Gaussian noise on M associated
to voly and for this reason we will refer to the large R limit as white noise limit.
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4.1. A family of random smooth functions on a
compact Riemann manifold

4.1.1. By way of motivation. Suppose that (M, g) is a smooth, compact, connected m-
dimensional manifold. The Riemann metric allows us to define various concepts of random
functions. The volume elementvol, determines various LP-spaces, L? ( M, g) =LP ( M, vol, ),
1<p< oo

The metric g defines a Laplacian Ay : C*° (M) — C°°(M). It has an unbounded discrete
spectrum Spec (Ag) consisting only of nonnegative eigenvalues with finite multiplicities

0=Xo<AM <A <.

In the above sequence each eigenvalues appears as often as its multiplicity. We get a complete
orthonormal family of eigenfunctions (¢, )n>0

Agwn = Anwfw HwnHLQ(M,g) =1

Any smooth function f € C°°(M) admits a Fourier decomposition

[= Z CnPn.

n>0

We would like to sample C°°(M) without any bias. One reasonable way to do this would be
to require that the Fourier coefficients ¢,, be i.i.d. random variables. Here we encounter the
first problem: if the coefficients are i.i.d. random variables the resulting random series would
not be convergent to a function.

There is another less difficult issue. The eigenvalues could have multiplicity. For any
A > 0 we denote by Proj, the orthogonal projection onto Hy := ker(Ay — X). We can rewrite
the Fourier decomposition of f in an invariant way,

f= > fu Hh=Projf.
A€Spec(Ag)

If f is random, then each component f) will be a random element of the eigenspace H). For
this problem to be geometrically well posed, the distribution of f) should be independent of
the orthonormal basis of Hj, i.e., it has to be invariant with respect to the orthogonal trans-
formations of this finite dimensional Euclidean space. We will assume that the distribution
of fy is Gaussian and its variance has the form w(\)1g, .

If we choose w(\) = 1, VA € Spec (Ag ), we again face the issue of nonconvergent random
series. We can try the next best thing and set w()\) = 1 for A < R?, where R > 0. We obtain

a random function
F R = Z annv
An<R2
(Xn)n>0 is a sequence of independent standard normal random variables. Then
FReH p = P H,
A< R?

The distribution of F'# is the canonical Gaussian measure on the Euclidean space H<g. Note
that the critical set of F¥? is coincides with that of the normalized random function

Fle 1 pr

I FE[ L2 (ar,g)
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and the random vector FR is uniformly distributed on the unit sphere of Hpo.

Hence, as far as the distribution of critical points is concerned, the random function F®
samples the space H.p2 without any bias. As R — oo, the random function F' R samples
unbiasedly more and more of the smooth function and in the limit we get a nondiscriminatory
taste of all the Morse functions on M.

Weyl’s asymptotic formula with Hérmander’s error estimate [73] shows that
dim Hepe = Cro(9)R™ + O(R™ ') as R — o0, (4.1.1)
where W,
Cnl(g) == Wvolg(M).
This estimate implies that (see [145, Prop. 13.1])

Ap ~ Cm(g)*%n% as n — oo. (4.1.2)






Appendiz A
Differential geometry

A.1l. Jacobians and the coarea formula

At its core, the coarea formula is a sophisticated version of Fubini’s Theorem. To best
understand this we begin with the simplest case.

Recall Fubini’s theorem. Suppose ¢ is a integrable function on R"**. Then

/ o(xt, .. 2" FYdet - da T
Rn+k

:/ </ 90(9517--wwnawnﬂ,---,w"%)dwnﬂ-~~dxn+k>dw1~--dx”.
n RE

We can reformulate this as follows. Set

y=(z',...,2"), =

and define A : R"** — R" (x,y) — y. Then

| oty volueildwdy] = [ ( /.., e volk[dﬂ) vyl (AL

where vol; denotes the i-dimensional Lebesgue measure.

(anrl :L,n+k)

ge ey

Consider now a slightly more general case of a linear map
A:RYE SR (b2 2T TR s (L) = (et ™), (ALL2)

where p1, ..., u, are positive numbers. Applying the Fubini theorem we deduce

/ w1 ezt x"““) voly,yp[dzt - - da:”Jrk]
Rn+k

1 n
Yy Y
= /RWC cp(m, T ,:L‘n+k) vol,yxldy! - - dy™dz™ .. d:z:"+k] (A.1.3)

:/ (/ o(z,y) volk[da:]> vol, [dy].
m\/A"(y)

257
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But for the factor iy - - - pip, the formulee (A.1.1) and (A.1.3) look similar. To give an invariant
meaning to this quantity we need to use the following elementary fact of linear algebra.

Lemma A.1.1. Suppose that U and V are Euclidean spaces, respectively of dimensions
n+kandn (n,k>0), and A:U — V is a linear map. Then there exist Euclidean coor-
dinates x', ..., x" % on U, Euclidean coordinates y*,...,y"™ on V and nonnegative numbers
W1, Uy Such that, in these coordinates the operator A is described by

y = pat, 1<j<n

The numbers 13, . .., u2 are the eigenvalues of the positive symmetric operator AA* : V. — V

so that
1 by = Ja = Vdet AA*.

In particular
A surjective<= J # 0.

The quantity Ja is called the Jacobian of the linear map A. a

Thus, we can rewrite (A.1.3) as

/RHM Ja(x,y)o(x,y) vol, 1k [dedy] = /n (/A—l(y) @(x,y) volg-1(y) [da:]) |[dVi(y)],

(A.14)
where vol4-1(,) denotes the Eucldean volme element on the affine subspace A~l(y). Lemma
A.1.1 shows that (A.1.4) holds for any surjective linear map R % — R”.

Proposition A.1.2. Suppose that U and V' are Euclidean spaces, respectively of dimensions
n+kandn (n,k>0), and A:U — V is a linear map. Then

_ vol, [A(B{J) ]
T el [BY]
where BY denotes the unit ball in U and BY the unit ball in V.

(A.15)

Proof. Choose coordinates (z') on U and (y/) on V as in Lemma A.1.1. If A is not onto
the result is obvious since, then dim A(U) < n. If A is onto, then A( BY ) is isometric to the
ellipsoid

n .
(27)?

E=< xeR"Y E 5 <1

j=1 H;

where the numbers p; are as in Lemma A.1.1. Observe that vol, [E] =[] . O

Remark A.1.3. Suppose that £k =0 so dimU = dim V' = n. Assume that A is onto. Then
the push-forward by A of the Lebesgue measure on U is given by

J

If U and V are equipped with orientations, then we can invariantly define det A and we have
Ja = ’ det A’. O

1
A#}\U = jAv. (A.1.6)
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It is convenient to give a more explicit algebraic description of J4. This relies on the
concept of Gram determinant. More precisely, given a collection of vectors w1, ..., u, in an
Euclidean space U we define their Gram determinant (or Gramian) to be the quantity

G(uy,...,up) = det( (ui,uj)U>

1<i,j<n’
where (—, —)y denotes the inner product in U. Geometrically, \/G(ui,...,uy) is the n-
dimensional volume of the parallelepiped spanned by the vectors w1, ..., uy,,

P(wy,...,w,) = {th'wj; tj €[0,1] }
j=1

Note that G(u1, ..., u,) = 0iff the vectors uq, . . ., u, are linearly dependent and G(uq,...,u,) =1
if the vectors w1, ..., u, form an orthonormal system.
Equivalently

G(ul,...,un): (ul/\---/\un,ul/\---/\un)AnU

where (—, —)any denotes the inner product on A"U induced by the inner product in U.

Lemma A.1.4. Let A : U — V be as in Lemma A.1.1. Fizx a basis f,.1,..., Fnip of
Uy := ker A and vectors uq,...,u, such that Auy,...,Au, span V. Then

G(Auy, ... Aun)G(Ffri1s- s Frar)

JA = : (A.1.7)

G(ulv--' 7un7fn+17"’7fn+k)
Proof. We first prove the result when dim U = dim V. In this case the collection uq, ..., u,
is a basis of U. Fix an orthonormal basis eq,...,e, of U denote by T': U — U the linear

operator e; — wu;. Then
G(uy,...,up) = det T*T,
G(Auy, ... Au,) = det((AT)*(AT)) = | det T*| det AA*|det T| = J3 det TT*.
To deal with the general case, we denote by Py the orthogonal projection onto Uy. Now
define R R
A:U—-V:=VaU, u— Aud® Pu.
we equip V with the product Euclidean structure.
Let us observe that J4 = J;. Indeed, with respect to the (orthogonal) direct sum
decomposition V' =V @ U the operator AA* has the block decomposition
Ad — [ AA* 0 }
* 1y,
so that .
det AA™ = det AA™.
Observe that in A"t*(V @ Uy) we have the equality
Aug A Aug A Frg Ao AN Fre = Aur A= Aug A fri Ao A Frk
so that
G(Aur, ..., A, Af iy Afpir) = G(Aug, ..., Aty Frits - s Frsk)
=G(Au, ... Aun)G(f i1, Frak)-
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Now apply the first part of the proof to deduce that

J,% _ Jg\: G(A\ulw"?;{unagfn—&-lv"' 7A\fn+k) _ G(Aula-' -Aun)G(fn+17"'7fn+k>
A G(ul,...,un,fn+1,...,fn+k) G(ul,...,un,fn+1,...,fn+k)

O

Suppose now that X and Y are C' manifolds of dimensions n 4+ k and respectively n,
k > 0 equipped with Riemann metrics gx and gy. We denote by volyx and voly the volume
measures induced by gx and respectively gy. Let ® : X — Y is a Cl-map. For € X we
denote by ®'(x) the differential of ® at x. This is a linear map

<I>/(u) Tyx — TF(u)Y

The Jacobian of the map & is the function

Jp : X = [0,00), Jo(z)= \/det (O (z)®(x)*),

where @' (2)* : Tp(,)Y — T,U is the adjoint of '(x) determined by the inner products g;°

on T,Y and gg(x) on Ty Y.

Theorem A.1.5 (The coarea formula: version 1). Suppose that ® : X — Y is a C'-map
such that for any x € X the differential ®'(x) is surjective. We denote by Jg(x) the Jacobian
of this map. For any nonnegative Borel measurable function ¢ : X — R we have

/ Jo(z)p(x) volx [ dx | :/ </ o(x) volg-1(y) [dm]) voly [dy], (A.1.8)
X Y \Jo 1 (y)
where volg-1(,) denotes the volume density on the fiber ®~1(y) induced by the restriction of

gx to ®71(y).

Proof. We consider first the case when X is an open subset of R™* with coordinates
(x',...,2"*) equipped with a C'-metric gx, Y is an open subset of R*¥ with coordinates
(v',...,y*) equipped with a metric gy and the map ® is given by

yj:xj, j=1...,n.

We have
voly [dz] = \/Gx(9p1,...,0pm+r) vOlyiy [dat - dm"“’“]
= /Gx(0p1, ..., 0gni) Volysy [dy" -+ - dyFda®t .o dz™ ],
=pPX
volg-1(y) [dz" T+ da™ ] = \/Gx (Oprs1, . ., Dypnsr) VOl [daFh - da™ TR ],

=:pe
where the subscript X indicates that the inner product in the definition of the above Gramm
determinants is the one determined by the Riemann metric on X. Similarly

voly [dy] = \/Gy(8y1, ey Oyn))voly [dy ] = /Gy (¥/(2)0y1, ..., @ (2)0yn)) voly, [dy].

‘PY
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Using the Fubini theorem we deduce that for any nonnegative, measurable function ¢ : X — R
we have

/ py bpx Vol [dyt - dyFda* T daE ]
X

—/Y ([b y )PX<Z5V01k [dxn+1,..dxn+k]> py vol, [dyl B -dy”]
1y

B /y (él(y) %¢p¢ volg [da™ "1 - 'danrk]) voly [dy]

:/Y </{;_1(y) %d)VOlq)—l(y) [dx}) voly [dy],

Set ¢ := % so that ¢ = Z—;‘jcp. Then the above equality can be rewritten

/X Jo(z)p(z) voly [dx] :/ (/q) pxJo @(x) volg-1(y) [dw]) voly [dy].

Y —1(y) PRPY

The co-area formula is proved once we show that

J
PXI2 e, Jp=PYP2
POPY PXx

The last equality follows from (A.1.7).

The general case of the co-area formula can be reduced to the special case via partition
of unity and the implicit function theorem. O

Corollary A.1.6. Suppose X is a C' manifold equipped with a C*-metric gx, and f : X = R
is a C' function with no critical points. Then for any measurable function ¢ : X — R we

have
_ ¢(p) 1 A
[ owiavsw) = [ ( | <t><p>r) at (A19)
In particular, by setting ¢ = 1 we deduce
1
vol (X) = /]R (/{f:t} W\de_l(t)(pﬂ) dt. (A.1.10)
a

Example A.1.7. Consider the unit sphere
n
St = {(:Jco,m,...,xn) e R™; ng =1 }
j=0

and a continuous function u : R — C Let S} denote the unit sphere with the poles zg = £1
removed. Denote by o, the volume of the unit m-dimensional sphere.

Consider f: S =+ R, f(xo,...,2,) = xg. This function has no critical points on S}. Let
p € S such that f(p) = zo(p) = t. Denote by ¢ the angle between the radius Op and the
ro-axis. Note that
cosp =xg =1t.
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The gradient of f is the projection of 0, on the tangent plane 7;,5™. We deduce that
Vf(P)] = |00, sin o = (1 - ¢*)1/2.

The level set {f =t} is an (n — 1)-dimensional sphere of radius (1 — ¢2)/2 and we deduce

u(t) _ V12000 (F = f) — ol ayn2
/f 0 IVf(p )"de ( ) =1~ ) 1(f=1t) no1u(t)(1 = %)

Hence

/nu(xo)dVSn:an_l/l w(t)(1 - 2)"F dt. (A1.11)

-1
When v = 1 we deduce

1
o, = O'nl/ (1-— t2) “dt = 20— 1/ (1-— t2) 2 dt
0

-1

1
= a’nl/ (1-— s)%_ls%_lds.
0

We have a classical identity

1
B(p, q ::/ 1— )P 1t ldy , p.gq>0
(p.q) ; (1—x) T+ q)
Hence .
on _ T(EIT(G)
on-1 D)
Using the equalities o9 = 2 and I'(3) = /7 we deduce
n+tl
T 2
op=———.
ERCS
We can obtain easily w,,, the volume of the unit n-dimensional ball,
1 T2 T2
=0, 1= = . A1.12

O

Theorem A.1.5 can be substantially generalized. For a proof of the next result we refer
to [31, Sec.3.3] or [109, Sec. 3]. We denote by H2! the d-dimensional Hausdorff measure on
a Riemann manifold (M, g). If m = dim M, then H} = voly,.

Theorem A.1.8 (The coarea formula: version 2). Suppose X andY are connected, Riemann
C-manifolds of dimensions n+k and respectively n, where k > 0. If ® : X =Y is a C'-map
satisfying the Lipschitz condition

dy(fb(xl),fb(xg)) < de(:lfl,l‘Q), Vxy, 20 € X,

Then for any nonnegative Borel measurable functions a: X — R and 8:Y — R such that «
has compact support we have

/ Jo(z)a(x)®*B(x) volx [ dx | :/Y (/1)_1( )a(w)ﬂ-ﬁ?[dw]) B(y)voly [dy]. (A.1.13)
y
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The two sides of the above equality are simultaneously finite or infinite. Ifdim X = dimY =n,
then the above equality reads

/){J@(:U)a(g;)cb*ﬁ(a:)volx [dz ] :/Y q)(%::ya(x) B(y) voly [dy] (A.1.14)
O






Appendix B

Analysis

B.1. The Gamma function

Definition B.1.1 (Gamma and Beta functions). The Gamma function is the function

o

I':(0,00) >R, I'(z) = / t*Letdt. (B.1.1)
0
The Beta function is the function of two positive variables
I'(z)l'(y)

B(x,y) := =——~, z,y > 0. B.1.2
(z,y) Taty) “Y (B.1.2)
g

We gather here a few basic facts about the Gamma and Beta functions used in the text.
For proofs we refer to [86, Chap. 1] or [159, Chap. 12].

Proposition B.1.2. The following hold.

(i) (1) = 1.
(ii) Dz + 1) = 2I'(z), Yz > 0.
(iii) For anyn=1,2,... we have

T(n) = (n— 1)\ (B.1.3)
(iv) D(1/2) = V.

(v) For any x,y > 0 we have Euler’s formula

1 00 z—1
_ x—1 _ y—1 _ u
Bmw—As (1—s) @_A Hﬂﬁgw' (B.1.4)
(vi) For any x € (0,1) we have
T
B(z,l—z)=T'(zx)I'(1l —2) = B.1.
(2.1~ 2) = P(@)(L—2) = " (B.15)
O
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The equality (iv) above reads

VT =T(1/2) = / T et 12y

0

(t=a2 t7 12 =z~ dt = 2zdx)

o0 2 0 2 o0 2 o0 2
= 2/ e Tdx :/ e’ dx—l—/ e Udx :/ e ¥ dx.
0 —00 0 —00

If we make the change in variables x = % so that 22 = % and dxr = %ds, then we deduce

2

1 [ a2

VT = / e 2 dx.
2 )

From this we obtain the fundamental equality

1 g2
— e 2dr=1. B.1.6
\Y4 2 /—oo ( )

The function I'(z) grows very fast as x — oo. Its asymptotics is governed by the Stirling’s
formula

X
Nz +1) =2'(z) ~ V2rz (£> as r — 00. (B.1.7)
e
Note that for n € N the above estimate reads
n! ~ V2mn <2)n as n — oo. (B.1.8)
e

There are very sharp estimates for the ratio

n!

More precisely we have (see [58, I1.9])

o1 <log g, < Ton- (B.1.9)
In other words
logn! =nlogn —n + %logn + %log(27r) + O(n_1 ), asn — oo.

We denote by w,, the volume of the n-dimensional Euclidean unit ball

B":={xeR" |z| <1}, [lz|=1/27+ - +af,
and by o,_1 the “area” of the unit sphere in R"”

sl={xzeR" |z|=1}

Then

On_1= 2r(1/2)" Wy = lan, __raznr (B.1.10)

T T2 T e T (e 1)/2)
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B.2. The Fourier transform and tempered
distributions.

Although the Fourier transform is a well known concept, there is quite a bit of variability in
the conventions of various authors and we have included this section to make sure the reader
is aware of the conventions we use. For proofs and more details we refer to [50, Chap.14]
that served as our main source.

For o € (Zzo)m we set

— o __ aq (e o Q1 [0}
lof = a1 + -+ ap, ¥ =27 --anr, 0% =0g 05,

For any smooth complex valued function v and k£, N € N we set
prn(f) = sup (1+zF) Y [0%u(@)|.
xreR"
la]<N
We denote by S(R") the space of Schwartz functions, i.e., complex valued functions u € C°°(R™)
such that py n(u) < oo, VE, N € N.

The countable collection of seminorms (pk7 N) equips $(R™) with a structure of

k,NeN
Fréchet space.

The Fourier transform is the linear map

FS®™) — SR™), Flul() = /

m

e ey (x)de, (€ o) = Zgj:nj.
j=1

We will frequently use the alternate notation u(
boxi) := F[u](€). One can show that .7 is continuous with respect to the above Fréchet
structure.

For j =1,...,m define M, : S(R™) — S(R™), M, [u](z) = zju(x). Then
F oMy, =10;;0F, Fody; =iM¢; 0 F. (B.2.1)
Let R : $( (R™) — 8(R™) denote the involution Ru(x) = u(—xz). The equalities (B.2.1) show

that the operator Ro .7 o # commutes with M, and 9,, for any j, k. This can be used to
show that there exists a constant ¢ such that

Ro% o % =cl.
The equality (1.1.3) implies that ¢ = (27)™™. Hence .# is a bijection and its inverse is give
by the Fourier inversion formula, ' = (2r)"™Ro .Z, i..,
1

u(z) = TR / mei<5’””>ﬂ(§)d§. (B.2.2)

For u,v € §(R™) we set

(1, v) = / )@y, (uv) = {u,7) = / w(@)v(z)dz.

m

We then have the following fundamental equalities
(U, v) = (u,?) (B.2.3a)
(u,v) = (2m) ™ (@,0). (B.2.3b)
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For t £ 0 and u € S(Rm), we set
Ruu(x) = u(tx).

Then
Riu =t " Ry-1u. (B.2.4)
If u,v € §(R™), then their convolution

wiole) = [ e = pols)dy
is also a Schwartz function and
Fluxv]|=F|u] Flv]. (B.2.5a)
Fluv] = 2r) " F[u] « F|v]. (B.2.5b)
Denote by 8'(R™) the space of linear functionals S(R™) — C that are continuous with respect

to the Fréchet structure on §(R™). We will refer to the elements of 8'(R™) as tempered
distributions on R™, and we will denote by (—, —) the natural pairing

<_7 _> : Sl(Rm) X S(Rm) — (C7 <¢7u> = ¢(u>
Note that we have an inclusion

CPOR™) — 8'(R™), ws Ly, (Ly,v) = (u,v) = /m u(x)v(z)dz.

We can extend the Fourier transform to a map % : 8'(R™) — 8'(R™) by setting
(Zo],u):= (o, F[u]).

For example, the Dirac distribution dg is a tempered distribution. Then

(80, u) = (b0, @) = 0(0) = /m u(z)dz.

Thus the Fourier transform of dy is the Lebesgue measure A. The Fourier inversion formula
shows that
A = (2m)™6.

Recall that a locally convex topological vector space is called Montel or perfect if every closed
and bounded subset is compact. The space 8(R™ ) is Montel; see [67, Sec. 1.3] or [154, Sec.
34.4]. As discussed in Section 1.1.4, there are three remarkable topologies on 8’ (Rm): the
weak™®, the Mackey and the strong topology. In the dual of a Montel space any weakly™
convergent 56quence1 is also strongly convergent.

Example B.2.1 (Fourier transform of radial functions). Suppose that we have a continuous
function f : [0,]oo) — C such that the function

u:R™ =R, u(x)=f(|z]).
is integrable. Then

ie) = [ cep(a) = [ < . ei<€"’>vsm1[d0]> Fyrdr

=@ (r[€])

IWe want to emphasize that this is a statement strictly about sequences, not about generalized sequences.
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Using (A.1.11) we deduce that

1 1

et (1 —t%) (=312 34 — Om—2 / (1-¢ )(m73)/2 cos(pt)dt
-1

Drn(p) = T /

-1

The last integral can be expressed in terms of Bessel’s functions of the first kind. More
precisely, for v > —1/2 we have (see [86, Eq. (5.10.3)])

_ (p/2)" ! v—1/2
Jy(p)_F(1/2)F(V—i—1/2)/1(1_t2) cos(pt)dt

Hence, with v = m/2 — 1 we have

ra/2)r(m -1)/2) ,

\I’m(p) = Om-—2 (p/Q)m/Qfl m/2—1(p)

9 (m=1)/2 I'(1/2)I'((m —1)/2) (27r)m/2
TT((m—1)/2)  (p/2)m/1 Imj2—1(p) = WJm/Q_I(p).

Hence, the Fourier transform of u((x) = f(|x|) is

u(§) = (QW)m/Qfﬁ\l_m/z/o Tmya—1(r|€])r™ 2dr.

In this book we use frequently the Poisson summation formula
m 2m = a \m 7
Vu e §(R™), Ya>0: Zu(;ﬁ):<%) #Z u(ak) (B.2.6)
lezm kezm
For a proof we refer to [74, §7.2].

For any open subset O C R™ we denote by C_OO(O) the space of generalized functions
or distributions on O, i.e., continuous linear functionals (see [74, Sec. 2.1] for details)

=i (0) = C.
Recall that a locally integrable function f : R™ — R is said to be homogeneous of degree
a € Rif
f(tm) = t“f(ac), vVt >0, x€R™\DO0.

In general. a distribution u € C’_"O(Rm \ O) is homogeneous of degree a iff for any ¢ > 0 we
have

(u, tRyp) =t~ "(u, ), Voo € Cox(R™\0).

Informally, this reads
/ u(x)to(te)dr = t“/ u(x)p(y)de.

A temperate distribution u € 8§’ (Rm) is homogeneous of degree a if its restriction on R™ \ 0
is homogeneous of degree a. The equality (B.2.4) show that u € 8’ (Rm) is homogeneous of
degree a iff its Fourier transform is homogeneous of degree —m — a.
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B.3. Basic facts about spherical harmonics

We survey here a few classical facts about spherical harmonics that we needed in the main
body of the paper. For proofs and more details we refer to our main source, [105].

We denote by 3, 4 the space of homogeneous, harmonic polynomials of degree n in d
variables. We regard such polynomials as functions on R, and we denote by Yn,a the subspace
of C*°(S9~1) spanned by the restrictions of these polynomials to the unit sphere. We have

d+n—1\ [(d+n—3
dim:}cn,d:dimgn,dzM(n,dF( +Z )—( Zﬁz >

_2n+d—-2(n+d-2 5 nd—2 N
T htd-2\ d-2 d—2p ® "7
Observe that

MO,d) =1, M(1,d)=d, M(2,d)— (d; 1) Y (B.3.1)

The space Y,, 4 is the eigenspace of the Laplace operator on 591 corresponding to the eigen-
value A\, (d) =n(n+d—2).
The Legendre polynomial P, 4(t) of degree n and order d is given by the Rodriguez formula

s [ d\" _
Pral®) = (-1 Bala)(1 = 27 () (1= (B.32)
where R, (d) is the Rodriguez constant
INC 1
Rn(d) =2"" ( 2d21 =2"" d—31
P(n+57) (n+%5%),

where we recall that (z); :=x(x —1)---(x —k+1).
Equivalently, they can be defined recursively via the relations
Poa(t) =1, Prg(t) =t,
(n+d—2)Pyt14(t) — 2n+d—2)tP, 4(t) + nP,_1 4(t) =0, n>0.

In particular, this shows that

1
Pg,d(t) - ﬁ(dtz— 1)

The Legendre polynomials are normalized by the equality
Pnoa(l)=1, Vd>2, n>0.
More generally, for any n > 0, d > 2, and any 0 < j < n, we have
n +j> Dr(1— 1" DI+ )t d
; o3 3 » Dii=
J (1—t)= (1+1) > 1

zzn—jRn(d)<njj)(n+T)n- <n+ d;?))j,

Py =97 <”jj)(n+d;3)j. (B.3.3)

P = (-1 ol

which implies
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Fix y € S9!, Denote by e the canonical inner product on R%. Then the function
x> P, 4(rey)
belongs to the eigenspace J(, 4. Note that arccos(z e y) is the geodesic distance between
d—1
x,y € SN
If (Uk)i1<k<n(s,a) is an orthonormal basis of 3(, 4, then we have the addition formula

M(n,d)

Va,y € S YT U(a)W(y) =
k=1

M(n,d)
Od-1

P, a(zey) (B.3.4)

where o4_1 denotes the “area” of the unit sphere in R%.
Denote by P, = P, 4 the ortogonal projection LQ(Sd_l ) — Hp,q. Observe that
M(n,d)

Kn(w,y) = Kna(z,y) = > Ui(x)T(y)
k=1

is the integral kernel of the operator P, i.e., Vf € L?(S% 1)
P, qf(z) = . Kna(z,y) volgi— [dy]
Theorem B.3.1 (Funk-Hecke formula). Let ¥ € 3, 4 and f € C°([~1,1]). Then for any
x € 81 we have
flzey)T(y)vol S* ! [dy]| = M\ T(2), (B.3.5)
Sd—1
where

1 d—3
M=o [ FOPa(1-) 7
a

We want to describe an inductive construction of an orthonormal basis of Y,, 4. We start
with the case d = 2. For any m € Z, we set

cos(mf), m <0 2m)Y2, m =0 1
m(0) = ; tm = m = ) D, = —Om.
om(0) {sin(mﬁ), m > 0. ormllze {7r1/27 m > 0. tmsp

Then Bp 2 = {P®o} is an orthonormal basis of Yo 2, while B, o = {®_,,, @, } is an orthonormal
basis of Y, 2, n > 0.

Assuming now that we have produced orthonormal bases B,, 41 of all the spaces Y, 4_1,
we indicate how to produce orthonormal bases in the harmonic spaces Y, 4. This requires
the introduction of the Legendre polynomials and their associated functions.

For any d > 3, n > 0 and 0 < j < n, we define the normalized associated Legendre
functions

~ o /o (i
P] (t) = Crja1 = 2Y/*PI)(D),

where

[n+d— 3|43 ( (2n+d—2) )1/2
oo ' B.3.6
n..d r(4h) 29-2[n +d + j — 3]2j14-3 | )
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When d = 3, the above formula take the form

Fralt) = ¢W“ — ) PI)(t). (B3.7)

For any 0 < j < n, and any d > 2 we define a linear map

Tnjd Yj.d-1 = Ynd, Y = TnjalY]

TnjalV)(@) = P y(xa) - Y (ki,”w’> :

Ve = (2, 24) € ST 2’ = (z1,...,24-1) # 0.

Note that for ¢ = (', 24) € S9! we have
&l = (1 = 2a)"/* amd B} y(2a) = Cuja(l = 23)*Pl)(wa) = Cujalla’ |V P (a).

so that
TnjalY (@) = CojaP) (@)Y (&), Vo = (a',2q) € S,

where Y denotes the extension of Y as a homogeneous polynomial of degree j in (d — 1)-
variables. The sets ‘J'n7j7d[fBj,d_1], 0 < j < n are disjoint, and their union is an orthonormal
basis of Y, 4 that we denote by B,, 4.

_1
The space Yo 4 consists only of constant functions and B q = { o, % }. The orthonormal

basis B1 4 of Y1 4 obtained via the above inductive process is
_1
Bl,d = {C()l’i, 1< < d} = {O'df201707dl'i; 1< < d} (B.3.8)
The orthonormal basis Bs g of Y 4 is

Ci(da? —r?), 1<i<d, Comzj, 1<i<j<d, (B.3.9)

2

where 72 = 22 4+ .- + zg, and the positive constants Cj, C1, C are found from the equalities

C3 [ atlds(e) =t [ (et~ 2ot 4 1) |dS@) =3 [ atadlas(a)| = 1
Sd—1 Sd—1 gd—1

aided by the classical identities, (2.3.13)

2P(2h1+1) . F(2hd+1)
2h1 2hg 2 2
xy 't eexs dS(x)| = , h="hy+---+ hg. B.3.10
/Sdl 1 d | ( )| F(2h2+d) 1 d ( )
B.4. Some asymptotic estimates
We want to discuss the large m asymptotics of

hm(a) _ 21 +3(a) am() = Sm (@) b () _m_ I—1(a)ln43(a)

dn(a)  (m+2Dpii(a) ™" dpm(a)? m+ 2 Ipii(a)?2 7

=:Rm(a)
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for various choices of amplitudes a. Set wq(t) := a(t)?. Recall (2.3.27)

o)~ (1) (12

d 2
m(@) o (B.4.1)
~ 275 ( Im+3(a) > T <m+3> m~ Y% as m — oo.
1+ 2) 1 (0) 2
Example B.4.1. Suppose that wq(t) = e~**. In this case
& 1 [ k= 1 k+1
Iix(a) = / the Pdt = / s'T e ds = =T el .
0 2 Jo 2 2
Hence Iy492 = %Ik, vk,
Imis(a)  m+2  hy(a) m(m + 4)
= , =1, = ——F >3 <1, Vm.
Imii(@) 2 7 dn(a) = m + 2)2
We deduce .
3. 22 3
C(w) (2:327) 2m+1F<m+ > as m — 0o,
NG 2
and Stirling’s formula implies
log Cyp(w) ~ % logm as m — oo. (B.4.2)
O
Example B.4.2. Suppose that
wq(t) = exp(—(logt)log(logt)), Vt > 1.
Observe that
1 00
Ii(a) —/ rkw(r)dr—i—/ ¥ exp(—(log ) log(log ) ) dr.
0 1
This proves that
oo
I(a) ~ Jg := / rk exp(—(logr)log(logr) )dr as k — oco.
1
Using the substitution r = e! we deduce
Jy, = /OO e(k—l—l)t—tlogtdt'
0
We want to investigate the large A asymptotics of the integral
e.9]
Ty = / et ¢\ (t) = At — tlogt. (B.4.3)
0
We will achieve this by relying on the Laplace method [29, Chap. 4]. Note that
1
A(t) = A —logt 1, (1) = —.

Thus ¢, (t) has a unique critical point
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We make the change in variables ¢t = 7s in (B.4.3). Observe that
et ls — A lslog(er ls) = e s — (A —1)et s — e*Llogs = e* T Ls(1 — log s)
and we deduce

T\ = 7'/ e ™) ds, h(s) = s(logs — 1).
0

The asymptotics of the last integral can be determined using the Laplace method and we
have, [29, §4.1]

2
—rh(1
Ty ~ 7~ ™MD () =V2rre’.

Hence
Ji = Thi1 ~ /27 (k + 1)e™*+D) = V2reke! as k — oo.
In this case
lim ¢, (a) = oo,

m—00
and
log <Zm> ~ et ™2 a5 m — 0.
m
Hence
m m42, 2
log Cy,(a) ~ 5 ¢ (e —1) as m — 0. (B.4.4)

Example B.4.3. Fix C > 0 and a > 1. Suppose that
wq(t) = exp(—C(logt)* ), vt > 1.

Arguing as in Example B.4.2 we deduce that as kK — oo

@)~ [t ep(~Cllogt)® )dr = [ -0 .
! 0
Again, set
T ::/ efm(t)dt’ oA(t) == Ct™ — At.
0
We determine the asymptotics of T as A — oo using the Laplace method. Note that
P\ (t) = aCt* 1 — A,

The function ¢, has a unique critical point

Observe that
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We set g(s) := s* — bs. Using the Laplace method [29, §4.2] we deduce

2 27
Ty ~ —ag(1) _ a(b—1)
A~ TAe \/ag”(l) \/aa(a - 1)e

1 1

Hence
a\ a-1 a1 — ] o
log T\ ~ <)\C,> QT =: Z(Q,C))\E,

o o—1

ottt (1 (27

m m
2Z(a,C) 1
~ ———"mo-1, m — o0,
a—1

so that .

log Cy,(a) ~ w’l)maal, m — 00. (B.4.5)

a —
Similarly
log Ry (w) ~ log T,y + log Thypa — 210g Thto
~ Z(a,C)(m% + (m+4)a°T —2(m+2)%)
o 4N 327 2 \ a1
= Z(a, C)maT <1+ <1+7) ! _2<1+7> 1)
m m
_a 8 o « 8aZ(a) 2-a
~ Z(o, O)yma-T x — ( _>:7 &
(e, C)m 2 a—1\a—1 (a—1)2m
Hence
00, a < 2,
lim R, = x ¢ e'0220) o =2, (B.4.6)
m—0o0
1, a > 2.

B.5. Reproducing Hilbert Kernel Spaces

In the more than a century since their appearance on the mathematical scene the Reproducing
Kernel Hilbert Spaces have found applications in diverse areas: complex analysis, numerical
analysis, quantum mechanics, Gaussian processes and machine learning, to name a few. The
goal of this section is to survey, mostly without proofs, some basic properties of such spaces.
Our main sources of inspiration are [9, 129] to which we refer for proofs and more details.

Let X be a set. Recall that RX is the space of functions X — R. For every = € X we
denote by Ev, the evaluation at x, i.e. the linear map
Ev,:RY 5 R, Ev,[f] = f(2).
A (real) Reproducing Kernel Hilbert Space over X, or RKHS henceforth, is a vector subspace
H c R¥X with the following properties
(i) It is equipped with an inner product (—, —)s making it into a real Hilbert space.

(ii) For every z € X the linear functional Ev, : 5 — R is continuous with respect to
the Hilbert norm.
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From the Riez representation theorem and (ii) we deduce that for every = € X there
exists K, € H such that

(Km,h)g{ =Ev, [h] = h(x), Vh e KH.
The resulting function
K:XxX =R, Kz,y) = K,(y) =Evy [Kz] = (Ky, Kz)3¢,
is called the reproducing kernel or the kernel of the RKHS J.
There is a natural map ¢ : X — H, &(x) = K,. Note that

K(z,y) = (@(m),@(y))j{, Vz,y € X.

In machine learning this map is known as the feature map.

Note that if X is a topological space and K is continuous, then the feature map is
continuous as a map from X to the Hilbert space H. Indeed, for any xg € X, the function
u: X —> R

u(x) = | ®(x) — ®(x0)|5 = K(,2) — 2K (z, 20) + K (20, 7o)
and

xlg;lo u(z) = 0.

Example B.5.1. The feature map is a disguised version of a standard geometric construction.
More precisely, given a set X and a finite dimensional vector space V of real valued functions
on X, we get a tautological map

Ev:X > V* 2~ Ev,.
The map Ev is injective if and only if the vector space V' separates the points, i.e., Va,y € X,
Jv € V such that v(x) # v(y).

Fix an inner product (—,—) on V. Since V is finite dimensional, the evaluation maps
Ev, : V — R are continuous with respect to this inner product for any z € X. The pair
(V. (—=,—)) is an RKHS.

The inner product induces a dual inner product (—, —)y+ on V*, we can identify V* with
V' and the evaluation map Ev : X — V* 2 V is the feature map. The reproducing kernel is

K(z,y) = (Evg, Evy ) ..

Suppose that X is a subset of a finite dimensional Euclidean space V. The inner product on
V induces a duality isomorphism

Vov v €V, vHu) = (v,u), YucV.
In particular, we get a map
Xsx—ateV™
Assume for simplicity that X is not contained in any proper subspace of V. Then the map
X
Vst eR

is one-to-one and we denote by H the image of this map. The inner product on V* induces
an inner product on H,

(Ué})ﬁvﬂ X )y = (”éa”f)v* = (vo,v1 )y
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Then H is a RKHS with kernel K (z,y) = (z,y)y and feature map
X=X, w»—)wi‘xeﬂ{.
Note that the function Ev, : H — R coincides with :I:H x- O

Observe that the reproducing kernel of a RKHS is a symmetric function, i.e.,

K(z,y) = K(y,z) = (Ko, Ky ), Yo,y € X. (RK)

Indeed,
K(z,y) = Ky(y) = Evy(K,) = (Ky,Kx)g{.

For any z1,...,z, € X we denote by Gg(z1,...,x,) the symmetric n x n matrix
Gk (21,...,2p) = (K(zi, x;) )1§i’j§n.

Observe that

Gk(z1,...,2y) >0, VYn, Vz1,...,2, € X. (RKj>)
Indeed, Gg(x1,...,zy) is Grammian of the functions K

GK(xla ce. wa‘n) - ( (me ij)f}(: )1§i,j§n’

and the Grammians are positive semidefinite matrices, i.e., all their eigenvalues are nonneg-
ative.

The rank of Gk (1, ...,x,) is the dimension of the space span {le, o Ky, } In par-
ticular, we deduce that if det Gx(x1,22) # 0 then K,, # K,,. We have the following
consequence.

Corollary B.5.2. If the reproducing kernel K of an RKHS H over X satisfies
det Gg (x1,x2) # 0, Vai, 29 € X, x1 # X9, (B.5.1)
then the feature map ® : X — H 1is injective. O

Definition B.5.3. We define a (reproducing) kernel on a topological space X to be a con-
tinuous symmetric function K : X x X — R satisfying (RKz2). A reproducing kernel on a
set X is a reproducing kernel on X equipped with the discrete topology.

We denote by K(X) the set of kernels on X. We denote by Kt (X) the collection of kernels
K such that for any distinct points x1,...,z, € X the symmetric matrix Gg (z1,...,2,) is
positive definite, i.e., all its eigenvalues are positive. O

Theorem B.5.4. Let X be a set.

(i) The set of reproducing kernels KX(X) is a convex cone in the vector space of functions
X xX —R.

(ii) If (Kp)nen is a sequence of kernels on X that converges pointwisely to a function
K: X xX =R, then K € X(X).

(iii) If K1, Ks € K(X) then Ky - K € K(X).

(iv) If X' is another set, K € X(X), K' € K(X') and we define
KoK (X xX')x (Xx"), Ko K'((z,2'),(y,y)) = K(z,y)K'(«',y/)
then K ® K' € K(X x X').
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O

The only non-obvious part of the above result is (iii). It is a consequence of a less pop-
ular result of linear algebra stating that the Hadamard product of two positive semidefinite
symmetric matrices is a positive semidefinite matrix; see [129, Sec. 4.2] . We recall that the
Hadamard product of two matrices A = (aij)1<ij<n, B = (bij)1<ij<n is the matrix

AxB= (aijbij)

1<ij<n’
The following example of RKHS is in a certain sense universal.

Example B.5.5 (The RKHS of a Gaussian process). We follow the presentation in [69, Sec.
2.61].

Let (Z;)zex be a centered Gaussian process parametrized by a topological space X. We
assume that the covariance kernel
C:XxX >R, Cla,y) =E[Z,2,]
is continuous, i.e., the map
Xsz— X, € L*(0,8,P), = — Z,
is continuous.
We denote by Z Gaussian Hilbert space determined by the Gaussian stochastic process
(Z2)zex, i-e., the closure in L?(8,P) of the vector subspace
V = span(Z;)zex-
We define
R:2—RY, Zw— R[Z], R[Z)(x)=E[ZZ,], Yz € X.
Note that the function R[Z]: X — R is continuous since the map
Xoaw Z,€L?

is continuous.

Observe also that the map R is injective. Indeed, if for some Zy € Z we have R[Zy|(z) = 0,
Va € X, then ]E[ZOZ} =0,VZ € V. Since V is dense in Z we deduce E[ZOZ] =0,VZ € Z,
so Zg = 0.

We denote by 3 the image of R, 3 = R(Z) C C(X) C R¥. The space 3 is a Hilbert
space with respect to the inner product

( R[Zo), R[Z1] )q. :=E[ZoZ1], VR[Z], R[Z1] € K.
The map R is an isomorphism of Hilbert spaces Z — H.

Note that R[Z,] = Cy, Cy(x) = C(x,y) = C(y, ). Since the family (Z,) is dense in Z we
deduce that thefunctions Cy, y € X, span a dense subspace of J.
The map Ev, : X — R, R[Z] — R[Z](z) is continuous with respect to the inner product
(—, —)g¢ since
R[Z)(x) :==E[ZZ,] = ( R[Z),R[Z4) ),
We also have a map
F=F¢c: X —>H, z— R[Z].
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Observe that for any z,y € X we have
< R[Zx]a R[Zy] > = E[Zzzy] = C(ZL‘, y)

Thus, H is a RKHS and its reproducing kernel is the covariance kernel of the process (Z;),ex .-
Note that H C C(X). The feature map of H is F¢. The space H is also known as the
Cameron-Martin space of the Gaussian stochastic process (Z;).cx; see [76, Def. 8.14]. O

It turns out that Example B.5.5 is universal.

Theorem B.5.6 (Moore). Let X be a topological space. For any reproducing kernel K € X (X),
there exists a unique RKHS on H C C(X) whose reproducing kernel is K.

Proof. Existence. Let K € X(X). The Kolmogorov existence/consistency theorem [118,
Sec. 1.5.2] shows that there exists a centered Gaussian process (Z;),ex with covariance
kernel K.

Uniqueness. Suppose that Hi, Ha € RY are two RKHS’s with kernels K, Ko. We want to
show that if K1 = Ko, then H; = Hy. Set K = K1 = K9 We outline the main ideas referring
for details to[129, Sec. 2.1].

For i = 1,2 we denote by (—, —); the inner product in H; and by || — ||;, the corresponding
norm. We set
Vg = span{Kx; re X }
Note that Vi C H; and
(u,v)1 = (u,v)2, Yu,v € Vg.

It is easy to see that Vi is dense in H;. Moreover, if h; € H; and ||v, — h;l|; — 0, then
vp(x) = hi(x), Vo € X. Tt suffices to show that if h € Hy, then h € H,.

Since h € 3y, there exists a sequence (vy,) in Vj such that ||v, — h|l;1 — 0. Hence (vy,) is
Cauchy in 3;. Since |[vy, — vm||1 = [[vn — Uml]2 we deduce that (v,) is also Cauchy in Hs so
there exists h € Hy such that ||v, — k|2 — 0. Now observe that

h(z) = le vp(z) = h(z), Vo € X.
Hence h = h € Hs. O

Remark B.5.7. There is a more elementary proof the existence of a RKHS with a given
reproducing kernel K. More precisely denote by V' the subspace of C(X) spanned by the
functions y — K, (y). Given two functions u,v € V

U = g Ky, v= E vi Ky, ui,v; €R,
i J

we define
(u,v) = Z wiv; K (x4, y5).
2
One can show that (—, —) is independent of the decompositions of u and v as linear combi-

nations of functions K, and it is positive definite and thus defines an inner product on V.
We denote by H its completion. We can identify each h € J with a function on X by setting
h(z) = (h,K;), Yz € X. O
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For every K € X(X) we denote by Hy the unique RKHS with reproducing kernel K.
We denote by (—, —)x the inner product on Hg.

We can now describe a few simple examples.
Example B.5.8. Suppose that X is a finite set X = {z1,...,3, } and K € XT(X). We
set G = Gg(x1,...,2,). Fix jointly Gaussian centered random variables Z1,..., Z,, with

covariance matrix G and set
Z = span(Zl,...,Zn).

Let (0.,)1<i<n denote the canonical basis of R¥,
(SIZ(CCJ) = 5ija VZ,]
Then the feature map is given by
XTi > Kxi = Z K(:z:i,xj)éxj S RX.
J

Since (K, Kz;)3c = K(xi,zj) we deduce that in the basis (d,,) the inner product (—, —)s
is represented by the matrix by the matrix G~ O

Example B.5.9. Suppose that V' is a Hilbert space with inner product (—,—). Then the
function
K:VxV >R, K(uv)=(u,v)

is a kernel. The associated RKHS is the topological dual V* ¢ R equipped with the dual
metric. The feature map is the Riesz representation isomorphism V — V*. g

Proposition B.5.10. Suppose that H is a RKHS over X with reproducing kernel K. If
(ei)ier is a complete orthonormal system of H, then

K(z,y) = Z ei(w)ei(y).
i€l
Proof. We have
Kz = Z(Kx, ei)g{ei = Z ei(x)ei

7 %

K(z,y) = (Ko, Ky)se = ) ei(@)ej(y)(eie)) = Y eil@)eily).
ij i

O

Definition B.5.11. Let H be an RKHS over X with reproducing kernel K. A collection of
functions (f;)ier in H is called a Parseval frame if

[BI1* =D | (ks fi)oc ?, Vf et

O

Clearly, a complete orthonormal collection of I is a Parseval frame. Parseval frames enjoy
many of the properties of orthonormal bases. However a Parseval frame could have linearly
dependent functions. We have the following useful characterization of Parseval frames.
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Theorem B.5.12. Let H be an RKHS over the topological space X with reproducing kernel
K. A collection of continuous functions (f;)icr on X is a Parseval frame of Hy if and only
if
K(z,y) =Y fi(z)fily),
el
where the above sum converges pointwisely. a0

For a proof we refer to [129, Thm. 2.10, Remark 2.11]. Let us emphasize that above, the
functions f; are not a priori known to belong to H! However, the above result implies that
they span Hx and in fact

h=" (b, f;)scfi, Vh e

For more details we refer to [129, Sec. 2.1].






Appendix C

Probability

C.1. Gaussian random symmetric matrices

We denote by §,, the space of real symmetric m x m matrices. This is a Euclidean space with
respect to the inner product (A4, B) := tr(AB). This inner product is invariant with respect
to the action of the orthogonal group O(m) on §,,.

We define
Qij, Z:j7
&-,wi‘:Sm—)R, EZA = Q;j, U.)Z"A = J
J J J( ) J ]( ) {\/5011']‘, Z<]

The collection (wj;)i<; defines linear coordinates on §,, that are orthonormal with respect to
the above inner product on §,,. The volume density induced by this metric is

vol [dA] =[] dwy; = 22(3) ] de;.

i<j 1<j
The space of O(m)-invariant homogeneous quadratic polynomials ¢ : §,,, — R is spanned by
q1(A) ;= (tr A)? and ¢o(A) := tr A%
An O(m)-invariant homogeneous quadratic polynomial
4(A) = c2(A) + e11(A)

is nonnegative iff the quadratic form
2
Fy:R™ SR, Fy( A, ) :cQZAercl( Z)\k)
k k

is nonnegative. This quadratic form is represented by the matrix
col,y, + 1S, Sij = 1, Vi, j.

Note that S has rank 1 and has only one nonzero eigenvalue m which is simple. We deduce
that

1
c2q2(A) + c1q1(A) 2 0<=c2 > 0,¢; > ——c.

283
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Note that
CQ(]Q(A) + clql(A) = (02 + Cl) Zw?-j + 261 Zwiifjj + o Zw,?] (C.l.l)
J 1<J 1<j
Throughout the book we encountered a 2-parameter family of Gaussian probability measures
on &,,. More precisely for any real numbers wu, v such that

v > 0,mu+ 2v > 0, (C.1.2)

we denote by 87" the space 8y, equipped with the centered Gaussian measure I'y,,[dA |
uniquely determined by the covariance equalities

E[ﬁij(A)fkg(A)] = U(Sijdkg + v(éikéﬂ + 5i45jk); V1<i,j, k£<m. (C.1.3)
In particular we have
E[6] =u+2v, E[lilj;] =u, E[£;]=0v, VI<i#j<m, (C.1.4)
while all other covariances are trivial. The ensemble S?ﬁv is a rescaled version of the Gaussian
Orthogonal Ensemble (GOE) and we will refer to it as GOEY,.
Comparing (C.1.1) with (C.1.4) we deduce that the covariance form of I',, corresponds
to the O(m)-invariant quadratic form caq2(A) + ¢1q1(A), where
co = 2v, c] = u.
The inequalities (C.1.2) guarantee that the covariance form is positive definite so that I';,,
is nondegenerate.
For v > 0 the ensemble 8;;" can be given an alternate description. More precisely a
random A € 85" can be described as a sum
A=B+ X1, BeGOE/, X € N(0,u), B and X independent.
We write this
8% = GOEY, +N(0,u) 1y, (C.1.5)
where + indicates a sum of independent variables.
The probability density dI', , has the explicit description
1

m(m+1)

2m)— 1 /D(u,v)

T,,[dA] = e TAE A o1 [4A ],

where
m
2

D(u,v) = (2@)(m_1)+( )(mu +20),
and

o — 1 1 1y U
S om \mu+2v  2v)  2v0(mu+2v)’
In the special case GOE}, we have u =« = 0 and
1

m(m+1)

e 1 T4 vol [dA]. (C.1.6)
(4mv)~ 4

Tou[dA] =

Note that GOE}T{2 corresponds to the Gaussian measure on Sym(R™) canonically associated
to the inner product (A4, B) = tr(AB).
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We have a Weyl integration formula [5] which states that if f : 8, — R is a measurable
function which is invariant under conjugation, then the value f(A) at A € 8,,, depends only
on the eigenvalues A\j(A) < --- < A\, (A) of A and we have

1 LIV
EGOEUm[f(X)] = Zm(U) - f()‘lay)\m) 1<Z];[<m|>\z—)\]| Zl_[le 4v |d>\1d)\7n|7

::Qm,v()\)
(C.1.7)

where the normalization constant Z,,(v) is defined by

/ 11 |/\—>\\He 4v\d)\1 - dAm|

1<i<j<m

m(m+1)

(20) 4 / 11 |)\—>\|He |d)\1 ] .
1<i<j<m

=Zm
The integral Z,, is usually referred to as Mehta’s integral. Its value was first determined in
1960 by M. L. Mehta, [98]. Later Mehta observed that this integral was known earlier to N.
G. de Brujin [28]. It was subsequently observed that Mehta’s integral is a limit of the Selberg
integrals, [5, Eq. (2.5.11)], [61, Sec. 4.7.1]. We have

m—1 F(j+3)

Z,, = (2m)% H D) Qh (] +3> (C.1.8)

In Section 2.3.4 we describe a probabilistic proof of this equality.

For any positive integer n we define the normalized 1-point correlation function py, ,(x)
of GOE} to be

1
() = —— (T, A2y An)dAy - - - d Ay,
Pn, (x) Zn(U) Rn—1 Q , (CL’ 2 ) 1
For any Borel measurable function f : R — R we have [43, §4.4]
1
EEGOE” tl"f /f pnv (0.1.9)

The equality (C.1.9) characterizes p,,. For example, if f(z) is the indicator set of a Borel
subset B C R, then tr I 5(X) the number of eigenvalues of X located in B so

[ peci

is the expected fraction of eigenvalues in B of a random matrix X in the ensemble GOE} .

Let us observe that for any constant ¢ > 0, if
A € GOEY <=cA € GOES".

Hence for any Borel set B C R we have

/ P20 (T)dr = / Prw(y)dy.
cB B
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We conclude that
P20 (cY) = pow(y), Vn,cy. (C.1.10)
We want to draw attention to a confusing situation in the existing literature on the

subject. Some authors, such as M. L. Mehta [99], define the 1-point correlation function
R, (x) by the equality

EGOE1/2 tl"f / f
so that
Ry (%) = npp1/2(2). (C.1.11)

From the equality

nl/2 1/2

Pn,l/z(n 37) = Pn,1/2n(95)

we deduce
1
Pr,12n(T) = ﬁRn(nl/zw).

The expected value of the absolute value of the determinant of of a random A € GOE}, can
be expressed neatly in terms of the correlation function py,41,,. More precisely, we have the
following result first observed by Y.V. Fyodorov [63] in a context related to ours.

Lemma C.1.1. Suppose v > 0. Then for any c € R we have

c

2
EGOE% [ ’ det(A - Cﬂm)” — 2%(2’0) 2 F (77”0;—3) eﬂperl,v(C). (C.l.l?)

Proof. Using Weyl’s integration formula we deduce

Egory [ |det(A — cl,p, e 4v|c—)\|H|)\ AjldAg - dAn
1<j
2
€ 4v
_Zm/ e 4vHe 4v\c—)\]H])\ AjldAg - dAm

i<j

02
1w L 1
_ 2 Zm1v) Qmito( A, o Am)dAr -+ dAm

Zm('U) Zm+1(v) Rm

5 Za (v) G20z
N € 4v m+1 v _ € 4v v 2 m+1
- Zm (’U) pm+17v(c) Zm pm+17’U(C)

2 (2m)V/20 (3
47(21)) 2 (2)P(3I/‘(2)2)pm+1,v(c):

mt1 2 m+3
= (2v) 2 64”23/2F(T>Pm+1,v(0)-
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The above result was generalized in [10, Lemma 3.2.3] or [11, Lemma 3.3]. To state this
generalization we need to recall some terminology. If u, v € Meas(R) are two finite measures,
then we define their convolution to be the finite measure ug * 1 € Meas(R) defined by

,u*y[B] :/R,u[B—y]u[dy], VB € Bg. (C.1.13)

If u is absolutely continuous with respect to the Lebesgue measure, ,u[dx] = pu(x))\[d:z],
then p x v is also absolutely continuous with respect to the Lebesgue measure and

prv[de] = pyxv(z)A|[dz], pu*u(:r):/Rp(x—y)u[dy].

Lemma C.1.2. Let uw > 0. Then
m+3 (c=2)2 _ 52

Eguw | |det(A —cly,)| | =22(2 r m+1v v 2ud.
sy [1det(4 = e1)|] =28 @01 (M32) o [ sl 0T B

3 m41 m+3
— 28 (20) T () 0 %),

2
(C.1.14)
where )
9;+17v(x> = pm—i—l,v(x)eﬂ'
Let us observe that (C.1.12) can be obtained from (C.1.14) by letting u ™, 0.
Proof. Recall the equality (C.1.5) 83" = GOEY, +N(0,u)1,,. We deduce that
Eguov||det(A —cly,)|] =E[ det(B + (X —c)1)| ]
1 2
= E v | |det(B — (c— X)1,, X =z |e 2udrx
= | Beom, [ det(B — (= X)1,)] | X =a]
1 / _a?
= Ecogey ||det(B — (¢ — x)1y,)| | 2udx
3 m+3 / RE 0)? o2
—23(20)"5° T m41v(C—x)e v T 2udr.
O

The behavior p,, as n — oo is controlled by the following theorem.
Theorem C.1.3 (Wigner’s semicircle law). For any v > 0 the sequence of measures on R
Pnun—1 (x)dx = n%pn’v(n%x)d:r
converges weakly as n — oo to the semicircle distribution
poow()|dx| = I{|z|<2f}2 Vv — 2?|dx|.

O

For a proof we refer to [5, Chap. 2|. For our purposes we need a better understanding
some refinements of Wigner’s semicircle law. The following results were developed Set

Pn(T) = pr1/on(T) = n_l/QRn(nl/Ql‘)a P(T) = Poo,1/2
where R, (x) is the 1-point correlation function R, (z) defined in (C.1.11).
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Proposition C.1.4. Denote by ~,,,-1 the centered Gaussian measure on R with variance

vn~t. Then

Hm | pn(8)Yen—1[ds] = p(0) = —. (C.1.15)

n—oo Jp T

Proof. We follow the approach in [113]. The function R, (z) can be described explicitly in
terms of Hermite! polynomials, [99, Eq. (7.2.32) and §A.9)],

n—1 L
a2
=Ll () o / e(x = t)Pn(t)dt + an(x), (C.1.16)
k=0 R
e e
where 1 2 i
n\T e 2 Hy(z), Hy(z)=(—1)"e"" — (),
Yn(z) = (2nnlym)E () (2) = (~1)"e” (™)
(2) {0’ nez,
a'I’L r)= wn— (I)
oo "€+,
and
%7 x>0
5(3;) = 0, x =0,
—%7 z <0.
From the Christoffel-Darboux formula [149, Eq. (5.5.9)] we deduce

n—1

Z¢k = Z ﬁHk(x)z = zn(nl_l)l(H;L(x)Hn_l(x) - Hn(SU)H;L(‘,B))

Using the recurrence formula H] =2xH, — H,41 we deduce
H)(x)Hp—1(z) — Hy(2)Hy (x) = Hy(x) — Hpo1 (2) Hppa ()

and
k() = W(Hi(@ ~ oot (2) Hpa (@) )
We set (
E () - kn 1 /2y
kn(z) = ﬁ ka
l,(x) = En(\/\/;x) = \1[ n'/2y 2z — ) n(t )dt+an(n1/2x),
Ry(x) = 7 \f ) = pn(z)
so that

Lemma C.1.5.
lim sup |[£,(x)| = 0. (C.1.17)

n—o0 z€R

n [99] the author uses a different convention for Hermite polynomials than the one we use in this book.
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Proof. Using the generating series [149, Eq. (5.5.7)]
o0
TTL
5 T < e
n!
n=0

we deduce that

> 22 ™ (z—27)?
Z (/ 6_2Hn($)d$> — = e’ / e~ dr = V2rel”,
R n: R

n=0
so that
1 2 V2 \/2(2n)!
—— [ e 2 Hyp(x)dx = " and Yon(x)dr = V20! ~ const - ni as n — oco.
(2n)! Jr n! R 2y

Using [43, Thm. 6.55] or [149, Thm. 8.91.3] we deduce that
sup [¢n ()] = O(n™12)

zeR

w"“

and thus

‘ =

) = O(n_%) as n — 0o.

nN
P

sup [an (z)| = O(n™1
zeR

We set
Fn@) =

T

e(z — ) (t)dt.

Using [43, Thm. 6.55 + Eq. (6.26)] we deduce sup,cg |Fp(2)| = O(nfﬁ ). This proves
(C.1.17). 0

Since «,,,—1 converges weakly to the Dirac measure dyp we deduce from the above lemma and
the uniform boundedness principle

[ (u(5) = 066) Jyun [a5] = |

R

_ 1

(kn(s) = p(8) )Von-1[ds] +O(n"12) asn — occ.

Lemma C.1.6.

Figure C.1. The graph of kigs(z), |z| < 2.
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Proof. Denote by wy(s) the density of the Gaussian measure v,,,-1 [ ds |,

n1/2 _ws?

wp(s) = \/ﬂe 2v

Fix ¢ € (0,v/2) so that the interval (—c, c) lies inside the oscillatory regime of H,,(y/nt). We
have

[ (Bats) = p(6) un(s)s
— /||< (kn(s) = p(s) Jwn(s)ds + (n(s) — p(s) )wn(s)ds

[s|>c
< sup [k (5) — ()] + sup [ (Ruls) = p(s))| | wnls)ds.
|s|<e |s|>c [s|>¢
Using the Plancherel-Rotach formulee ([43, Eq. (6.126)], [133], [149, Thm. 8.22.9]) and
arguing as in [61, §7.1.6] or [64, §6.1] we deduce that

lim sup |k, (s) — p(s)| = 0.

n*)OO|S|SC

On the other hand

lim wy(s)ds =0,
n—oo ‘S‘>C

and [149, Thm.8.91.3] implies that
sup |(kn(s) — p(s))] = O(1) as n — <.
[s|>c
O

Since 7,1 [ds] converges to the Dirac measure §yp we deduce again from the uniform bound-
edness principle tha

: V2

lim p(s)wn(s)’){vnfl [ds] = p<0) =

n—oo Jp T

C.2. Random measures

Denote by I\TCES(RT”) the space locally finite of Borel measures p on R™, i.e., M[B] < o0
for any bounded Borel subset B C R™. Each f € C’gpt (R™) defines a map

Ir: Meas(R™) = R, > Ip(p) =plf] = A f@)p[d].
The wvague topology on hTeZs(Rm) is the smallest topology such that all the functions Iy,
fe C’gpt(]Rm) are continuous. As shown in [79, Thm. 4.2], this topology is Polish, i.e., it is
induced by a complete and separable metric. We denote by (M, d) this metric space. The
convergence in this metric is called vague convergence.
A sequence of measure (u,) in M converges vaguely to p € M, and we indicate this as
Un — w, if and only if
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A locally finite random measure on R™ is a Borel measurable map
m (Q,S,]P’) — M.
Its distribution is a Borel probability measure on M, Py € Prob(M).

Recall that a sequence of probability measures yu,, € Prob(M) is said to converge weakly
to p € Prob(M), and we indicate this u,, — p if

lim Fd,un:/ Fdu,
M

n—oo M
for any bounded and continuous function F' : M — R.

A sequence of random measures 9, is said to converge weakly to the random measure 9
if the distributions Py, converge weakly in Prob(X) to Py;. We we use the notation 9t,, — 9
to indicate this. We have the following result, [41, Prop.11.1.VIII], [79, Thm. 4.11].

A subset @ C R™ is called a quasi-boz if it is a product of finite intervals
Q=11 x - x I

The intervals I need not be closed and could have length zero. Note that a quasi-box @ is
a box if all the intervals I are closed and have nonzero lengths.

Theorem C.2.1. Consider a sequence (E)ﬁn )nEN of random locally finite measures on R™.
The following are equivalent.

(i) The sequence M, converges weakly to the random locally finite measure ON.
(ii) For any f € ngt(Rm), the random variables M, | f | converge in distribution to
m[f].
(iii) For any quasi-box Q@ C R™ the random variables M, [Q} converge in distribution
to SJY[Q] .
a

There are other modes of convergence of random measures corresponding to the various
modes of convergence of random variables. Suppose that

M,, M: (2,8,P) M, neN

are random locally finite measures. We say that 9, converges almost surely to 9, and we
indicate this 9%, 3 9, if there exists a P-negligible set N € 8 such that

My (w) = M(w), Yw e Q\N,

i.e.,

My, 25 M= M, [ f] =DM f], Vf € Co(R™).
The convergence M, L% 9 is defined in a similar fashion namely
p LP m
My, = M= M, [ f] == M[f], Vf € CL(R™).
One can show (see [79, Lemma 4.8]) that
m,, =2 im<:>9ﬁn[Q] 25 E)JT[Q], for any quasi-box Q C R™, (C.2.1a)

P P .
m, — fm<:>9ﬁn[Q] - E)JZ[Q], for any quasi-box @ C R™. (C.2.1b)
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The action of R™ on itself by translations induces and action on M = l\fe?as( R™ ),
T R"xM—=>M, R" xM> (x, ) — Tzu,

where ‘J'z/,L[B] = M[B — :L'}, for any Borel subset B C R™. We denote by J the sigma-
subalgebra of By, consisting of Borel subsets of M that are invariant with respect to the
above action. A measure P € Prob (M) is called stationary if it is invariant with respect to
this action.

(Tz)uP =P, Ve e R™.
A random measure 91 is called stationary if its distribution Pgy is stationary.

Wiener’s ergodic theorem [80, Thm. 25.4], [160] shows that if P € Prob (M) is station-
ary, then for any F' € Ll( M, IP’) and any compact convex set C' C R™ containing the origin
in the interior we have

1

P-a.s. and L1

Let C} denote the unit cube in R™. If 91 is a stationary random locally finite measure on
R™ such that IE[im[Cl]] < 00, we define its asymptotic intensity to be the random variable

M:=E[M[C1] || T]
The Wiener’s ergodic theorem applied to the action of Z™ C R™ on M implies (see [79, Th.
5.23] and [152, Thm. 6.4.1]) that for any compact convex subset C' C R™ containing the
origin in the interior we have
1 —
WS.’TI[NC] — M- vol [C] (C.2.3)
a.s. and L!. Moreover, if M[C}] € LP, then the convergence holds also in LP.

A sequence oy € CY (R™), N € N is called asymptotically stationary if

cpt
on >0, / on(x)de =1, VN,
and

N—o0

We have the following result, [79, Thm. 5.24] and [152, Thm. 6.4.1].

lim ‘@N(m)—gpN(m—y)‘dm:(), Vy € R™.
Rm

Theorem C.2.2. IfM[C}] € LP, p € [1,00), and (pN)NeN is asymptotically stationary, then
M[on] — M,

m LP and a.s.. 0



Bibliography

1]

R. Adler, R.J.E. Taylor: Random Fields and Geometry, Springer Monographs in Mathematics,
Springer Verlag, 2007.

M. Ancona, L. Gass, T. Letendre, M. Stecconi: Zeros and Critical Points of Gaussian Fields:
Cumulants Asymptotics and Limit Theorems, arXiv: 2501.10226

M. Ancona, T. Letendre: Zeros of smooth stationary Gaussian processes, Electron. J. Probab.,
26(2021), 1- 81, arXiv: 2007.03240

M. Ancona, T. Letendre: Multijet bundles and applications to the finiteness of moments for zeros
of Gaussian fields, arXiv.2307.10659

G. W. Anderson, A. Guionnet, O. Zeitouni: An Introduction to Random Matrices, Cambridge
University Press, 2010.

M. Arcones: Limit theorems for nonlinear functionals of a stationary Gaussian sequence of vectors,
Ann. of Probability, 22(1994), 2242-2274.

D. Armentao, J.-M. Azais, J.-R. Leén: On the general Kac-Rice formula for the measure of a level
set, arXiv: 2304.0742v1.

V.I. Arnold: Statistics and classification of topologies of periodic functions and trigonometric
polynomials Proc. Steklov Inst. Math. 2006, Dynamical Systems: Modeling, Optimization, and
Control, suppl. 1, S13-523.

N. Aronszain: Theory of reproducing kernels, Trans. A.M.S. 68(1950), 337-404.

A. Auffinger: Random matrices, complexity of spin glasses and heavy tailed processes, 2011 NYU
PhD Dissertation.

A. Auffinger, G. Ben Aurous, J. Cerny: Random matrices and complexity of spin glasses, Comm.
Pure Appl. Math., 66(2013), 165-201. arXiv: 1003.1129v2

J.-M. Azais, M. Wschebor: Level Sets and Extrema of Random Processes, John Wiley & Sons,
2009.

J.-M. Azais, F. Dalmao, C. Delmas: Multivariable CLT for critical points, arXiv: 2401.09117.

E. Azmoodeh, G. Peccati, X. Yang: Malliavin-Stein method: a survey of some recent developments,
Mod. Stoch. Theory Appl., 8(2021), 141-177.

P. Baxendale: Gaussian measures on function spaces, Amer. J. Math., 98(1976), 891-952.

D. Beliaev, M. McAuley, S. Muirhead: A central limit theorem for the number of excursion set
components of Gaussian fields, arXiv.2205.0985

Yu. K. Belyaev: Continuity and Hélder’s conditions for sample functions of stationary Gaussian
processes, Proc. 4th Berkeley Sympos. Math. Statist. and Prob., Vol. II, pp. 23-33, Univ. California
Press, Berkeley-Los Angeles, Calif., 1960.

293


https://arxiv.org/abs/2501.10226
https://arxiv.org/pdf/2007.03240
https://arxiv.org/abs/2307.10659
https://arxiv.org/abs/2304.07424v1
https://arxiv.org/abs/1003.1129v2
https://arxiv.org/pdf/2401.09117
https://arxiv.org/abs/2205.09085

294 Bibliography

[18] D. N. Bernshtein: The number of roots of a system of equations, Funct. Anal. and its Appl. ,
9(1975), no. 3, 1-4.

[19] Z. W. Birnbaum: An inequality for Mills ratio, Ann. Math. Statist., 2(1942), 245-246.

[20] J. R. Blum, B. Eisenberg: Conditions for metric transitivity for stationary Gaussian processes on
groups, Ann. Math. Studies, 43(1972), 1737-1741.

] V. 1. Bogachev: Gaussian Measures, Amer. Math. Soc., 1998.

] V. 1. Bogacev: Measure Theory, Vol.1, Springer Verlag, 2007.
3] V. 1. Bogacev: Measure Theory, Vol.2, Springer Verlag, 2007.

]

B.F. Bojanov, H. A. Hakopian, A. A. Sahakian: Spline Functions and Multivariate Interpolations,
Kluwer, 1993.

[25] N. Bouleau, F. Hirsch: Dirichlet Forms and Analysis on Wiener Space, Walter de Gruyter, 1991.

[26] M. Brion, M. Vergne: Residue formuls, vector partition functions, and lattice points in rational
polytopes, J. Amer. Math. Soc., 10(1997), 797-833.

[27] H. Brezis: Functional Analysis, Sobolev Spaces and Partial Differential Equations, Springer Verlag,
2011.

[28] N.G. de Brujin: On some multiple integrals involving determinants, J. Ind. Math. Soc., 19(1955),
133-151.

[29] N.G. de Brujin: Asymptotic Methods in Analysis, Dover Publications, 1981.

[30] W. Bryc: The Normal Distribution. Characterization with Applications, Lect. Notes. in Statistics,
vol. 100, Springer Verlag, 1995.

[31] Y. D. Burago, V.A. Zalgaller: Geometric Inequalities, Springer Verlag, 1988.

[32] R. H. Cameron, W. T. Martin: Transformations of Wiener integrals under translations, Ann. Math.,
45(1944), 386-396.

[33] S. Chatterjee: A short survey of Stein’s method, 2014 ICM talk, arXiv: 1404.1392.

[34] L.H.Y. Chen, L. Goldstein, Q,-M, Shao: Normal Approximations by Stein’s Method Springer
Verlag, 2011.

[35] E. Cinlar: Probability and Stochastics, Grad. Texts in Math., vol. 261 Springer Verlag, 2011.
[36] D. L. Cohn: Measure Theory, 2nd Edition, Birkh&user, 2013.

[37] H. Cramér, M. R. Leadbetter: Stationary and Related Stochastic processes. Sample Function
Properties and Their Applications, John Wiley & Sons, 1967, Dover 2006.

[38] . S. D. Cutkowski: Resolution of Singularities, Grad. Stud. Math, vol. 63, Amer. Math. Soc., 2004.

[39] G. Da Prato: An Introduction to Stochastic Analysis and Malliavin Calculus, Edizione della Nor-
male, 2014.

[40] D. J. Daley, D. Vere-Jones, An Introduction to the Theory of Point Processes. Vol I: Elementary
Theory and Methods, 2nd Edition, Springer Verlag, 2003.

[41] D. J. Daley, D. Vere-Jones, An Introduction to the Theory of Point Processes. Vol II: General
Theory and Structure, 2nd Edition, Springer Verlag, 2008.

[42] M. Das: Real zeros of a random sum of orthogonal polynomials, Proc. Amer. Math. Soc., 27(1971),
147-153.

[43] P. Deift, D. Gioev: Random Matrix Theory: Invariant Ensembles and Universality, Courant Lec-
ture Notes, vol. 18, Amer. Math. Soc., 2009.

[44] Y. Do, O. Nguyen, V. Vu: Roots of random polynomials with coefficients with polynomial growth,
Ann. Prob., 46(2018), 2407-2494, arXiv: 1507.04994

J. L. Doob: Stochastic Processes, John Wiley & Sons, 1953.
B. K Driver: Probability Tools with Examples, Course notes, 2010.

~

=
XD N > O

B. K Driver: Heat kernel weighted L?-spaces, unpublished notes,

R. M. Dudley: Sizes of compact subsets of Hilbert space and continuity of Gaussian processes, J.
Funct. Anal. 1(1967), 290-330.


http://arxiv.org/abs/1404.1392
https://arxiv.org/pdf/1507.04994.pdf
https://mathweb.ucsd.edu/~bdriver/Cornell%20Summer%20Notes%202010/Lecture_Notes/Probability%20Tools%20with%20Examples.pdf
https://mathweb.ucsd.edu/~bdriver/Cornell%20Summer%20Notes%202010/Lecture_Notes/Heat%20kernel%20weighted%20L2%20spaces_ver2.pdf

Bibliography 295

[49] R. M. Dudley: Real Analysis and Probability, Cambridge University Press, 2002.
[50] J. J. Duistermaat, J. A. C. Kolk: Distributions. Theory and Applications, Birkhauser, 2010.

[51] A. Edelman, E. Kostlan: How many zeros of a random polynomial are real?, Bull. A.M.S. (New
Series), 32(1995), No.1, 1-37.

[52] R. E. Edwards: Functional Analysis. Theory and Applications, Holt, Reinhart & Winston, 1965.

[53] K. D. Elworthy, Y. LeJan, X.-M. Lin: On the Geometry of Diffusion Operators and Stochastic
Flows, Lect. Notes in Math., vol. 1720, Springer Verlag, 1999.

[54] D. D. Engel: The multiple stochastic integral, Mem. A.M.S., vol. 38, no. 265, Amer. Math. Soc.,
1982.

[55] A. Estrade, J. R. Leén: A central limit theorem for the Euler characteristic of a Gaussian excursion
set, Ann. of Probab., 44(2016), 3849-3878. https://hal.archives-ouvertes.fr/hal-00943054v3

[56] I. Féary: Sur la courbure totale d’une courbe gauche faisant un noed, Bull. Soc. Math. France,
77(1949), 128-138.

[57] H. Federer: Geometric Measure Theory, Springer Verlag, 1996. (Reprint of the 1969 edition.)

[58] W. Feller: An Introduction to Probability Theory and its Applications, Volume 1, 3rd Edition,
John Wiley & Sons, 1970.

[69] W. Feller: An Introduction to Probability Theory and Its Applications, vol.2, John Wiley& Sons,
1970.

[60] X. Fernique: Regularité des trajectoires des fonctions aléatoires gaussiennes, Ecole d’Eté de Prob-
abilités de Saint Flour IV-1974, Lect. Notes. in Math. vol. 480, p. 1-96, Springer Verlag, 1975.

[61] P. J. Forrester: Log-Gases and Random Matrices, London Math. Soc. Monographs, Princeton
University Press, 2010.

[62] Q. Fu. L. I. Nicolaescu: A functional law of large numbers concerning the distribution of critical
points of random Fourier series

[63] Y. V. Fyodorov: Complexity of random energy landscapes, glass transition, and absolute value
of the spectral determinant of random matrices, Phys. Rev. Lett, 92(2004), 240601; Erratum:
93(2004), 149901.

[64] Y. V. Fyodorov: Introduction to random matrix theory: Gaussian unitary ensemble and beyond,
in the volume Recent perspectives in random matrix theory and number theory, London Math.
Soc. Lecture Note Ser., 322, Cambridge Univ. Press, Cambridge, 2005.

[65] L. Gass: Cumulants asymptotics of the zeros counting measure of real Gaussian processes, Electron.
J. Probab., 28(2023), 1-45, arXiv: 2112.08247

[66] L. Gass, M. Stecconi: The number of critical points of a Gaussian field: finiteness of moments,
Probab. Theory Relat. Fields, 190(2024), 167-197, arxiv.org: 2305.17586v2.

[67] 1. M. Gelfand, N. Ya. Vilenkin: Generalized Functions. Volume 4. Applications of Harmonic Anal-
ysis, Academic Press, 1964.

[68] I. I. Gikhman, A. V. Skhorohod: Introduction to the Theory of Random Processes, Dover, 1996.

[69] E. Giné, R. Nickl: Mathematical Foundations of Infinite Dimensional Statistical Models, Cambridge
University Press, 2016.

[70] J. L. van Hemmen, J. Ando: An inequality for trace ideals Comm. Math. Phys., 76(1980), 143-148.
1] M. W. Hirsch: Differential Topology, Springer Verlag, 1976.

2] W. Holsztyniski, J. Mycielski, G. C. O’Brien, G. C., S. Swierczkowski: Closed curves on spheres,
Amer. Math. Monthly, 115(2008), 149-153.

| L. Hormander: On the spectral function of an elliptic operator, Acta Math. 121(1968), 193-218.
] L. Hormander: The Analysis of Linear Partial Differential Operators I., Springer Verlag, 2003.
5] R. A. Horn, C. R. Johnson: Matrix Analysis, Cambridge University Press, 1990 Reprint.
] S. Janson: Gaussian Hilbert Spaces, Cambridge University Press, 1997.

]

M. Kac: On the average number of real roots of a random algebraic equation, Bull. A.M.S.,
49(1943), 314-320.


https://hal.archives-ouvertes.fr/hal-00943054v3
https://arxiv.org/abs/2112.08247
https://arxiv.org/abs/2305.17586v2

296

Bibliography

[78]
[79]

[80]
[81]

[88]
[89]
[90]
[91]
92]
(93]
[94]
[95]

[96]

[97]
(98]

[99]
[100]

[101]

[102]
[103]
[104]

[105]
[106]

[107)

[108]
[109]

J. P. Kahane: A century of interplay between Taylor series, Fourier series and Brownian motion,
Bull. London. Math. Soc. 29(1997), 256-267.

O. Kallenberg: Random measures, Theory and Applications, Springer Verlag 2017.
O. Kallenberg: Foundations of modern probabiliity, 3rd Edition, Springer Verlag, 2021.

T. Kato: Perturbation Theory for Linear Operators, Classics in Mathematics, Springer Verlag,
1995.

P. Kergin: A natural interpolation of C*-functions, J. of Approx. Th., 29(1980), 278-293.
A.G. Kouchnirenko: Polyédres de Newton et nombres de Milnor, Invent. Math. 32(1976), 1-31.
H.-H. Kuo: Introduction to Stochastic Integration, Springer Verlag, 2006.

S. Kwapien, W. A. Woyczyriski: Random Series and Stochastic Integrals: Single and Multiple,
Birkhauser, 1992.

N. N. Lebedev: Special Functions and Their Applications, Dover, 1972.

M. Ledoux: The Concentration of Measure Phenomenon, Math. Surveys and Monographs, vol. 89,
Amer. Math. Soc., 2001.

M. Ledoux, M. Talagrand: Probability in Banach Spaces, Springer Verlag, 1991.
A. Lerario, M. Stecconi: Differential Topology of Gaussian Random Fields, arXiv: 1902.03805

C. Ley, G. Reinert, Y. Swan: Stein method for comparison of univariate distributions, Probability
Surveys, 14(2017), 1-52.

R. Lyons: Strong laws of large numbers for weakly correlated random variables, Mich. Math. J.,
35(1988), 353-359.

D. R Maclver Journal of Obscure Results 1: Nedoma Pathology
https://www.drmaciver.com/2006/04/journal-of-obscure-results-1-nedomas-pathology/

P. Major: Multiple Wiener-Ito integrals, Lect. Notes in Math., vol. 849, Springer Verlag, 1981.
P. Malliavin: Integration and Probability, Springer Verlag, 1997

P. Malliavin: Stochastic Analysis, Grundlehren. der math. Wissenschaften, vol. 313, Springer Ver-
lag, 1997.

P. Malliavin, A. Thalmaier: Stochastic Calculus of Variations in Mathematical Finance, Springer
Verlag, 2006.

H. P. McKean: Stochastic Integrals, Academic Press, 1969.

M. L. Mehta: On the statistical proerties of level-spacings in nuclear spectra, Nucl. Phys.. 18(1960),
395-419.

M. L. Mehta: Random Matrices, 3rd Edition, Elsevier, 2004.

T. Mercer: Functions of positive and negative type and their connections with the theory of integral
equations, Trans. London Phil. Soc., 209(1909), 415-446.

C. A. Miccheli, P. Milman: A formula for Kergin interpolation in R¥, J. of Approx. Th., 29(1980),
294-296.

L. M. Milne-Thompson: The Calculus of Finite Differences, Macmillan & Co. 1933.
Milnor, J. W. (1950). On the total curvature of knots. Ann. Math., 52(2): 248-237.

F. Moricz: Multiparameter strong laws of large numbers. I (Second order moment restrictions),
Acta. Sci. Math., 40(1978), 143-156.

C. Miller: Analysis of Spherical Symmetries in Euclidean Spaces, Appl. Math. Sci. vol. 129,
Springer Verlag, 1998.

F. J. Murray, J. v. Neumann: Rings of operators, Ann. Math., 37(1936), 116-229.

F. Nazarov, M. Sodin: Asymptotic laws for the spatial distribution and the number of components
of zero sets of Gaussian random functions, J. Math. Phys., Analysis, Geom., 12(2016), 205-278.
https://core.ac.uk/download/pdf/159626247 . pdf

L. I. Nicolaescu: An Invitation to Morse Theory, 2nd Edition, Springer Verlag, 2011.
L. I. Nicolaescu: The Co-area formula, https://www3.nd.edu/~1nicolae/Coarea.pdf


https://arxiv.org/abs/1902.03805
https://projecteuclid.org/journals/michigan-mathematical-journal/volume-35/issue-3/Strong-laws-of-large-numbers-for-weakly-correlated-random-variables/10.1307/mmj/1029003816.full
https://www.drmaciver.com/2006/04/journal-of-obscure-results-1-nedomas-pathology/
https://www.drmaciver.com/2006/04/journal-of-obscure-results-1-nedomas-pathology/
https://core.ac.uk/download/pdf/159626247.pdf
https://core.ac.uk/download/pdf/159626247.pdf
https://core.ac.uk/download/pdf/159626247.pdf
https://www3.nd.edu/~lnicolae/Coarea.pdf
https://www3.nd.edu/~lnicolae/Coarea.pdf

Bibliography 297

[110]
[111]

[112]
[113]

[114]
[115]
[116]

[117]
[118]

[119]
[120]
[121]

[122]
[123]

[124]
[125]

[126]
[127]

[128]
[129]
[130]
[131]
[132]

[133]

[134]

[135]
[136]

[137]
[138]

L. I. Nicolaescu: Critical sets of random smooth functions on products of spheres, arXiv: 1008.5085.

L. I. Nicolaescu: Complexity of random smooth functions on compact manifolds, Indiana J. Math.,
63(2014), 1037-1065.

L. I. Nicolaescu: Random Morse functions and spectral geometry, arXiv: 12.090639.

L. I. Nicolaescu: Critical sets of random smooth functions on compact manifolds., Asian J. Math.,
19(2015), 391-432. arXiv: 1101.5990,

L. I. Nicolaescu: A stochastic Gauss-Bonnet-Chern formula, Probab. Theory Relat. Fields,
165(2016), 235-265.

L. I, Nicolaescu: Critical points of multidimensional random Fourier series: variance estimates, J.
Math. Phys., 57(2016), 083304.

L. I. Nicolaescu: Critical points of multidimensional random Fourier series: central limits, Bernoulli,
24(2018), 1128-1170, arXiv:1511.04965v2.

L. I. Nicolaescu: Lectures on the Geometry of Manifolds, 3rd Edition, World Scientific, 2021.

L. I. Nicolaescu: A Graduate Course in Probability, World Scientific, 2022.
https://www3.nd.edu/~1nicolae/Grad_Prob_web.pdf .

L. I. Nicolescu: Counting zeros of random functions, Amer.Math. Monthly, 130(2023), 625-646.
L. I. Nicolaescu: A probabilistic computation of a Mehta integral, arXiv: 2408.06203.

L. I. Nicolaescu: A law of large numbers concerning the distribution of critical points of isotropic
Gaussian functions, arXiv: 2408.14383.

L. Nirenberg: Topics in Nonlinear Functional Analysis, Amer. Math. Soc., 2001.

I. Nourdin, G. Peccati: Stein’s method on Wiener chaos, Prob. Theor. Rel. Fields, 145(2009),
75-118.

I. Nourdin, G. Peccati: Normal Approximations with Malliavin Calculus. From Stein’s Method to
Universality, Cambridge Tracts in Math., vol.192, Cambridge University Press, 2012.

I. Nourdin, G. Peccati, M. Podolskij: Quantitative Breuer-Major theorems, Stoch. Proc. and their
Appl., 121(2011), 793-812.

D. Nualart: The Malliavin Calculus and Related Topics, 2nd Edition, Springer Verlag, 2006.

D. Nualart, G. Peccati: Central limit theorems for sequences of multiple stochastic integrals, Ann.
Probab. 33(2005), 177-193.

G. di Nunno, B. @ksendal, F. Proske: Malliavin Calculus for Lévt Processes with Applications to
Finance, Springer Verlag, 2009.

V. 1. Paulsen, M. Raghupathi: An Introduction to the Theory of Reproducing Kernel Spaces,
Cambridge University Press, 2016.

A. Pazy: Semigroups of Linear Operators and Applications to Partial Differential Equations,
Springer Verlag, 1983.

G. Peccati, M. S. Taqqu: Wiener Chaos: Moments, Cumulants and Diagrams. A Survey with
Computer Implementation, Bocconi University Press & Springer Verlag, 2011.

G. Peccati, C.A. Tudor: Gaussian limits for vector-valued multiple stochastic integrals, Séminaire
de Probabilités XXXVIII, p. 247-262, Lect. Notes in Math. vol. 1857, Springer Verlag, 2005.

M. Plancherel, W. Rotach: Sur les valeurs asymptotiques des polynomes d’Hermite

Hy(z) = (—1)"eT 42 (6—7) , Comment. Math. Helv., 1(1929), 227-254.

M. Reed, B. Simon: Methods of Modern Mathematical Physics I. Functional Analysis, Academic
Press, 1980.

S.0. Rice: Mathematical analysis of random noise, Bell System Tech. J., 24(1945), 46-156.

L. C. G. Rogers, D. Williams: Diffusions, Markov Processes and Martingales. Volume 1. Founda-
tions, Cambridge University Press, 2000.

N. Ross: Fundamentals of Stein’s method, arXiv: 1109.1880.
W. Rudin: Fourier Analysis on Groups, John Wiley & Sons, 1962.


https://arxiv.org/abs/1008.5085
https://arxiv.org/abs/1008.5085
https://arxiv.org/pdf/1209.0639
http://arxiv.org/abs/1101.5990
arXiv:1511.04965
https://www3.nd.edu/~lnicolae/Lectures.pdf
https://www3.nd.edu/~lnicolae/Grad_Prob_web.pdf
https://www3.nd.edu/~lnicolae/Grad_Prob_web.pdf
https://arxiv.org/abs/2408.06203
https://arxiv.org/abs/2408.06203
https://arxiv.org/abs/2408.06203
https://arxiv.org/abs/2408.14383
http://arxiv.org/abs/1109.1880

298

Bibliography

[139]

[140]
[141]
[142]

[143]
[144]

[145)

[146]
[147]

[148]
[149]
[150]

[151]
[152]
[153]
[154]

[155]

[156]

[157]
[158]

[159]

[160]
[161]

D. L. Saunders: The Geometry of Jet Bundles, LMS Series, vol. 142, Cambridge University Press,
1989.

H. H. Schaefer with M. P. Wolf: Topological Vector Spaces, 2nd Edition, Springer Verlag, 1999.
R. L. Schilling: Measures, Integrals and Martingales, Cambridge Univ. Press, 2005.

R. L. Schilling, L. Partzch: Brownian Motion. An Introduction to Stochastic Processes, DeGruyter,
2012.

D. Serre: Matrices. Theory and applications, 2nd Edition, Springer Verlag, 2010.

I. Shigekawa: Derivatives of Wiener functionals and absolute continuity of induced measures,
J.Math. Kyoto Univ., 20(1980), 263-289.

M. A. Shubin: Pseudodifferential Operators and Spectral Theory, 2nd Edition, Springer Verlag,
2001.

B. Simon: Convexity. An Analytic Viewpoint, Cambridge University Press, 2011.

M. Stecconi: Kac-Rice formula for transverse intersections, arXiv.2103,10853, Analysis and Math-
ematical Physics, 12(2):44, 2022.

D. W. Stroock: Gaussian Measures in Finite and Infinite Dimensions, Springer Verlag, 2023.
G. Szegd: Orthogonal Polynomials, Colloquium Publ.; vol 23, Amer. Math. Soc., 2003.

M. Talagrand: Upper and Lower Bounds for Stochastic Processes. Decomposition Theorems, 2nd
Edition, Springer Verlag, 2021.

M. Talagrand: What Is Quantum Field Theory? A First Introduction for Mathematicians, Cam-
bridge University Press, 2022.

A. Templeman: Ergodic Theorems for Group Action. Informational and Thermodynamical Aspects,
Springer, 1992.

V. A. Toponogov: Differential Geometry of Curves and Surfaces. A Concise Guide, Birkh&user,
2006.

F. Tréves: Topological Vector Spaces, Distribution and Kernels, Dover, 2006. (Reprint of the 1967
edition).

N. N. Vakhaniya, V. I. Tarieladze: Covariance operators of probability measures on locally convex
spaces, Teor. Veroyatnost. i Primenen., 23(1978), 3-23). (in Russian); Engl. Transl Theor. Probab.
Appl. 23(1978), 1-21.

V. A. Volkonskii: An ergodic theorem for the distribution of sojourn times, Theor. Vorojastnost. i
Primenen., 5(1960), 357-360.

H. Wenland: Scattered Data Approximation, Cambridge University Press, 2005.

H. Whitney: A function not constant on a connected set of critical points, Duke. Math J. 34(1935),
514-517.

E. T. Whittaker, G. N. Watson: A Course in Modern Analysis, 4th Edition, Cambridge University
Press, 1950.

N. Wiener: The ergodic theorem, Duke Math. J., 5(1939),1-18.

A. M. Yaglom: Correlation Theory of Stationary and Related Random Functions I. Basic Result,
Springer Verlag, 1987.


https://doi.org/10.48550/arXiv.2103.10853

Index

Cr(V), 136

v, 8

(z1), 126
1-density, 94

: P(é1,...,&) :, 188
A€, ii

B(z,y), 265
Cy.x, 12

F1 X, Fa, 208
FE 53,57

Hy (z), 180
Hy(z|p), 181
Ji-ample, 64
Ji(E), 62

KT, 31

VoB V1, 23
X-a.c., 218
Z|—,F], 79
[ulq, 134

#8, il
Feyn(V), 184
Feyn(n), 184
Feyn [A], 190
Feyn™*, 184
Feyn* [A], 190
Feyn", 184
Feyn,.(V), 184
I'(z), 265

I'y,,, 6

Ty 9
Gauss(V), 6
Gaussg(V), 6
Hessp, 77
Hessp(v), 77
@#, iv

Poly, [V,U], 135
Poly, [V'], 134
Proj,,, 187
Sym(F), 198
Sym(X), iii

Var [Y|X =0], 17
adju(il?())7 91
a-coloring, 194
DF9(X), 216
E[Y[X],iv
Tiw, 1

I, iii

Px, iv

Ap, i

Wn, iv, 266
D, g, 109
Poygvy,...vp, 134
op,r, 90
On—1, iv, 266
COVX, 11
A(X%), 213
B, iii
Cr(V), 136
&(), 183
Po, 194

Re, 1

8(R™), 267
¢[—, F], 88
el 108
A(X), 213
Gy, 195

&y, iii

®, 194

[ Cov]y, X], 12
[x], iii

L], iii

My, 138

Lo [P]7 43
vga, 110

®, 198

®, 194, 195
<, 42

p%R’ 88

29 iij

28, iii

Vi, iv

299



300 Index
Var [ X ], 11 Fock space, 198

Var,, 8 formula

|S|, iii addition, 271

Meas(R™), 290 diagram, 190, 208

&, 8 Fourier inversion, 60, 267

my, 6 Funk-Hecke, 271

Vy, 6 Gaussian integration by parts, 3

adjunction map, 91
ample
Gaussian section, 64
subspace, 66
ampleness condition
geometric, 41
amplitude, 53, 106
annihilation operator, 180
atom, 201

Banach space, 23
k-ample, 144
ample, 144

Beta function, 265

box, 79
nondegenerate, 79

Cameron-Martin

shift, 217, 218

space, 28, 31, 49, 179, 218, 279
chaos decomposition, 187
characteristic function, 4
configuration space, 136
connection, 62

correlator, 69

LeJan-Watanabe, 69

Levi-Civita, 62
convenient

metric space, 35
convenient probability space, 201
convenient space, 208
correlator, 66

stochastic, 67
covariance form, 7, 11, 27
covariance kernel, 38
covariance operator, 12, 64
covariant derivative, 62
creation operator, 180

diagonal
thin, 141
Dirac function, 60
discriminant, 90
measure, 109
locus, 109
discriminant measure, 95
divided differences, 131

exceptional locus, 137

falling factorial, 126
Feynman diagram, 183
complete, 184
rank, 183

Gaussian regression, 15, 82, 96, 111

global Kac-Rice, 91, 141
Hermite-Genocchi, 131
Kac’s counting, 81
local Kac-Rice, 82, 88, 89, 93
Newton interpolation, 132
Poisson summation, 54, 269
Stirling’s, 266, 273
Wick, 185, 190

Fourier transform, 7

Fourier-Hermite decomposition, 181

Fr’echet space, 177
Fréchet space, 22, 23, 267

bounded subset, 23
function

Beta, 265

Gamma, 265

Gamma function, 265

Gaussian
ensemble, 63
field, 38, 177

Hilbert space, 177
integration by parts, 3
measure, 178
Sobolev space, 216
vector, 11
white noise, 55, 202
Gaussian vector, 11
Gaussian field, 38
oo-ample, 38, 47
ample, 38, 41
centered, 38
strongly nondegenerate, 47
Gaussian function, 38
Jg-ample, 41
isotropic, 58
Gaussian measure, 1, 6, 25
canonical, 6
centered, 6, 25
covariance form, 7, 27
covariance kernel, 31, 44
nondegenerate, 25
variance, 8
variance operator, 8
Gaussian regression, 15, 110
Gaussian section
Ji-ample, 64
k-ample, 64
ample, 64
Gaussian variable, 4
centered, 4
characteristic function, 4
complex, 19
complex symmetric, 20, 57



Index

301

nondegenerate, 4
Gaussian vector

centered, 11

complex symmetric, 21

nondegenerate, 11
generalized function, 55
generalized functions, 269
geometric structure, 62
Gramian, iv, 11, 43, 101

Hadamard product, 278
Heisenberg identity, 180
Hermite
polynomial, 180
decomposition, 181

polynomial with parameter, 181

Hessian, 77

indicator function, iii
indistinguishable, 34
inequality
AM-GM, 151
Fernique, 27, 47, 74
Kree-Meyer, 232
Mills ratio, 2, 235
isonormal process, 177

Jacobian, 258

jet, 40, 62, 64

jet bundle, 62, 147
jointly Gaussian, 12, 21
jointly gaussian, 11

Kac polynomials, 96
Kac-Rice 1-density, 94
Kac-Rice density, 82, 88
Kac-Rice formula, 100

global, 91

local, 82, 89

weighted local, 88
Karhune-Loeve expansion, 49
Kergin

interpolator, 134

projector, 134

lemma
Borel-Cantelli, 37, 165, 211
Bulinskaya, 74, 89
Levi-Civita connection, 62
lexicographic order, 42, 53, 164

measure
diffuse, 32, 50
locally finite, 290
random, 291
random, 203
stochastic, 203
Mehler
kernel, 201
transform, 201
Mehta integral, 285
Mercer kernel, 31, 39, 40, 44, 49

Montel space, 268
multi-index

even, 103

odd, 103
multijets

bundle of, 138

Newton polyhedron, 42
non-atomic measure, 201

Ornstein-Uhlenbeck semigroup, 201

Parseval frame, 280

perfect space, 268

Poisson summation formula, 269
pushforward, iv

quasi-box, 291

random field, 33
a.s. continuous, 36
continuous, 36
distribution, 34
Gaussian, 38
indistinguishable, 34
modification of, 34
sample map of, 33
separable, 35
version of, 34
random function, 33
G-invariant, 56
homogeneous, 56
stationary, 56
wide sense stationary, 56
random map, 33
random measure
locally finite, 291
stationary, 292
ray a.c., 218
regression
formula, 15, 82
operator, 15, 69, 82
Reproducing Kernel Hilbert Space, 275
ridge function, 134
RKHS, 275

sample map, 33
Schwartz function, 57, 267
semicircle distribution, 287
spectral measure, 57, 59, 121
standard conventions, 73
Stirling’s formula, 266
stochastic process
stochastically equivalent, 34
symmetrization operator, 198

tempered distribution, 268
theorem
Bochner, 56
Blackwell, 22, 31, 63, 179
Cameron-Martin, 218
Cramér-Wold, 22



302 Index

dominated convergence, 84
Dudley, 40, 49
Fernique, 27
Hille-Yosida, 226
Hironaka’s resolution of singularities, 137, 142
Kolmogorov continuity, 36, 51
Kolmogorov existence, 34, 48
Kolmogorov one-series, 37, 202
Krein-Milman, 32
Lévy, 2, 10
Lebesgue differentiation, 51
Lebesgue-Vitali, 87
Mackey-Arens, 24
martingale convergence, 182, 186, 210
Mercer, 50
monotone convergence, 85
Polya, 5, 26
Sard, 78
Schoenberg characterization, 60
Stone-Weierstrass, 46
support, 28
Wiener’s ergodic, 292
Wigner’s semicircle, 287
theorema egregium, 71
topology
Mackey, 24
strong, 24
weak*, 24
tunneling map, 67

vague
convergence, 290
topology, 290

vecftor bundle, 61

vector bundle
geometric, 62

white noise, 202
Gaussian Hilbert space associated to, 203
map, 177

Wick
exponential, 192, 217
formula, 185
polynomial, 188
product, 192

Wiener chaos, 179, 188
decomposition, 187, 188

Wiener-Ito integral, 203
multiple, 204

zero-one law, 29



	Introduction
	Notation and conventions
	Chapter 1. Gaussian measures and Gaussian fields
	1.1. Gaussian measures
	1.1.1. Finite dimensional Gaussian measures and vectors
	1.1.2. Gaussian regression
	1.1.3. Complex Gaussian variables and vectors
	1.1.4. Gaussian measures on Fréchet spaces
	1.1.5. Mercer kernels

	1.2. Gaussian fields
	1.2.1. Random fields a.k.a. stochastic processes
	1.2.2. Gaussian random fields
	1.2.3. Gaussian fields and Gaussian measures
	1.2.4. Random series
	1.2.5. Stationary and isotropic Gaussian fields
	1.2.6. Gaussian random sections of a vector bundle
	1.2.7. The differential geometry of a Gaussian ensemble


	Chapter 2. The Gaussian Kac-Rice formula
	2.1. Generic transversality
	2.2. The Gaussian Kac-Rice formula
	2.2.1. Local Kac-Rice formula
	2.2.2. A weighted local Kac-Rice formula
	2.2.3. Global Kac-Rice formula

	2.3. Applications
	2.3.1. Some one-dimensional applications
	2.3.2. The distribution of critical points
	2.3.3. The distribution of critical values
	2.3.4. A probabilistic computation of a Mehta integral
	2.3.5. Random matrices and Morse functions on Grassmannians

	2.4. Higher momentums
	2.4.1. A preview
	2.4.2. Variance estimates
	2.4.3. An analytic digression: Kergin interpolation
	2.4.4. Multijets
	2.4.5. Higher momentums
	2.4.6. Some abstract ampleness criteria

	2.5. Laws of large numbers
	2.5.1. An abstract law of large numbers for multiparameter familes of random variables
	2.5.2. SLLN euclid
	2.5.3. Critical points of random Fourier series


	Chapter 3. Central limit theorems
	3.1. Gaussian Hilbert spaces
	3.1.1. Basic definitions and examples
	3.1.2. Hermite decompositions
	3.1.3. Wick's formula
	3.1.4. The Wiener chaos decomposition
	3.1.5. Wick products and the diagram formula
	3.1.6. Fock spaces
	3.1.7. Gaussian white noise and the multiple Wiener-Itô integral

	3.2. Malliavin calculus
	3.2.1. The Malliavin gradient and Gaussian Sobolev spaces
	3.2.2. The divergence operator
	3.2.3. The Ornstein-Uhlenbeck semigroup
	3.2.4. The hyper-contractivity of the Ornstein-Uhlenbeck semigroup

	3.3. The Stein method
	3.3.1. Metrics on spaces of probability measures
	3.3.2. The one-dimensional Stein method
	3.3.3. The multidimensional Stein method

	3.4. Wiener chaos limit theorems
	3.4.1. An abstract limit theorem
	3.4.2. Central limit theorem: single chaos
	3.4.3. Central limit theorem: multiple chaoses

	3.5. The number of critical points of Gaussian functions on Euclidean spaces

	Chapter 4. Random Morse functions on compact Riemann manifolds
	4.1.  A family of random smooth functions on a compact Riemann manifold
	4.1.1. By way of motivation


	Appendix A. Differential geometry
	A.1. Jacobians and the coarea formula

	Appendix B. Analysis
	B.1. The Gamma function
	B.2. The Fourier transform and tempered distributions.
	B.3. Basic facts about spherical harmonics
	B.4. Some asymptotic estimates
	B.5. Reproducing Hilbert Kernel Spaces

	Appendix C. Probability
	C.1. Gaussian random symmetric matrices
	C.2. Random measures

	Bibliography
	Index

